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In amplitude modulation radio reception, the upper limit of the frequencies reproduced 
lies at about 4500 c/s. On the other hand, in F.M. radio reception as well as in the reproduction 
of recordings on disc or tape, the higher tones up to 18,000 c/s can be reproduced quite well. 
In order to do justice to this extra range, the response of the loudspeaker must be extended by 
at least one octave. A very satisfactory way of doing this is by means of the twin cone moving- 


coil loudspeaker, a description of which is given below. 


Introduction 


The range of frequencies to which the human 
ear is sensitive extends from about 20 to 18,000 c/s. 
For ideal reproduction, therefore, frequencies should 
be reproduced at their correct strength throughout 
this range. Up till now, however, this standard of 
ideal reproduction has rarely been reached in radio 
sets and gramophones. Neither the lowest nor the 
highest frequencies are reproduced really properly. 
In this article we shall concern ourselves chiefly 
with improvements in the treble response. 

Until recently there was little demand for good 
response to the higher audio frequencies for, al- 
though amplitude-modulated radio transmissions 
contain high audible frequencies, a large part of the 
sound spectrum is cut off in the receiver (above 
about 4500 c/s) in order to minimize interference 
by other transmitters operating on adjacent wave- 
lengths. In gramophone reproduction, moreover, 
the older records (consisting of shellac mixed with 
a filler) were capable of modulation almost up to the 
limit of audibility, but it was necessary to attenuate 


a ‘or even cut off a considerable part of the higher 


frequencies in order to reduce needle hiss and 


distortion. 
Recent developments in frequency modulation 


é: and in methods of record production have changed 


this situation. In F.M. radio transmissions, the 
carrier frequency is so high (about 100 Mc/s) that 
there is no longer crowding of the frequency band, 


so that the higher audio frequencies can be received 
without interference. The use of new materials 
(plastics) for gramophone records has appreciably 
reduced surface noise, and this, too, makes it possi- 
ble to reproduce much higher audible frequencies +). 
High tones can also be recorded and reproduced by 
means of magnetic tape, especially now that im- 
proved tapes are now available which reduce the 
previously troublesome modulation noise ”). 

Under these new conditions, the frequency res- 
ponse of the loudspeaker now becomes a major 
factor in determining the width of sound spectrum 
actually reproduced. The upper limit of most present 
loudspeakers is in the region of 8000—9000 c/s, and 
this limit has been high enough to ensure that the 
attenuation of the higher frequencies hitherto 
occurring in radio and gramophone reproduction 
was not actually accentuated by the loudspeaker 
itself. The noise that occurs in a certain limited 
range of frequencies (the so-called “coloured” noise) 
is thereby also avoided. 

In view of the above-mentioned improvements 
in radio and gramophone reproduction it is now 
necessary to raise the upper limit of the loudspeaker 


1) See L. Alons, New developments in the gramophone world, 
Philips tech. Rev. 13, 134-144, 1951/52. 

2) DP. A. Snel, Magnetic sound recording equipment, Philips 
tech. Rev. 14, 181-190, 1952/53; W. K. Westmijze, 
Principles of the magnetic recording and reproduction of 
sound, Philips tech. Rev. 15, 84-96, 1953/54. 
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response to 16 000—18 000 c/s. The limit of auditory 
sensitivity in persons under 30 years of age is 
about 18000 c/s; in older persons it is lower (16000 
c/s at 40, and so on down to less than 10000 c/s). 
It is not known precisely to what degree the fre- 
quency range of reproduced music might be use- 
fully extended beyond the audible spectrum, but 
an extension from 9000 to 18000 c/s already repre- 
sents another octave. 


Moving-coil loudspeakers 


The moving-coil cone loudspeaker is the most 
widely used of all the different types developed so 
far, because of its many excellent properties: ef- 
ficiency, simple construction, reliability, consistency 
in manufacture, and long life (as long as 20 years). 

The paper cone of this type of loudspeaker has 
freedom of movement axially within the limits of 
the flexibility of the suspension, which is by 
means of corrugations in the edge of the cone and a 
flexible centring ring near the apex. The speech 
coil is attached to the apex and is situated in a 


radial magnetic field (Fig. 1). 


62078 


Fig. 1. Cross-section of a conventional moving-coil loudspeaker. 
C cone, R corrugated rim, O centring spider, S speech coil, 
M magnet. 


Fairly large forces are required to move the cone 
rapidly and, hence, also a fairly strong signal current 
in the speech coil. As this coil necessarily has a finite, 
though small resistance, ohmic losses (1) occur in 
the coil. A small amount of energy (2) is dissipated 
in the cone suspension as a result of the repeated 
changes in shape. The rest of the applied energy 
(3) is dissipated in the form of radiation, i.e. sound 
energy °). There is in addition, an exchange of the 
kinetic energy between the moving cone (4) and the 
surrounding air (5), and the potential energy (6) in 
the suspension, which undergoes elastic deformation. 
This energy is not dissipated. 

All these elements are shown in the following 
energy balance diagram. 


3) A. Th. van Urk and R. Vermeulen, The radiation of 
sound, Philips tech. Rev. 4, 213-222, 1939. 
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In order to assess the quality of different loud- 
speakers we examine the frequency response curve 
to determine the efficiency 7 (radiated power divided 
by input power) as a function of the frequency f. 
yn is usually only a few per cent 4). 

There are four fairly sharply-defined frequencies 
which are particularly important in the response 
curve, viz. the resonant frequency f,, the frequency 
f,; at which the wavelength is comparable to the 
dimension of the baffle, the frequency f, at which 
the wavelength is comparable to the dimensions of 
the paper cone, and, lastly the frequency f, above 
which the different parts of the cone are no longer 
in phase, and complex modes of vibration occur. To 
give a rough idea of values, f, might be 50 c/s, 
fi ~ 300 c/s, f, ~ 600 c/s and f, ~ 1000 c/s. 


Table I. Dependence of the amplitude xm and peak velocity 
Um of the cone, and the radiated power P on the frequency, 
for constant speech coil current. Pa (d for dipole) refers to 
a loudspeaker without baffle, Py to the speaker with infinite 
baffle, and Px to the speaker with baffle or cabinet of finite 
dimensions. 


Gees 
Pepa mele oc ft 
Xm const. Seif 
ue Sao fh 
Po pt “f bap 
Pw Cai const. | oc f-2 
| #<f<i_ | ASfeh 
Px oc f 8 compe | const. oc f-2 


Table I above shows the (theoretical) frequency 
dependence of the efficiency 7, or (what is roughly 
the same thing), the power P radiated, with a con- 
stant alternating current applied to the speech coil 
The way in which the amplitude of the deflection 
(xm) and the peak velocity (vm) vary with the 
frequency is also shown. 


*) J. de Boer, The efficiency of loudspeakers, Philips tech. 
Rev. 4, 301-307, 1939. 
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The equation of motion of the cone 


For a current i passing through the speech coil, a force 
K = Bli operates on the coil in the direction of the axis 
(J denotes the length of wire in the speech coil and B the in- 
duction in the air-gap). If the current i is an alternating 
current of frequency f (= w/2z), the cone will vibrate. The 
amplitude vm of this vibration, for a given value of i, reaches 
a maximum at the resonant frequency f,, which is determined 
mainly by the stiffness S of the cone suspension and the total 
mass M (the latter is the sum of two components, the mass 
M, of the cone and coil, and that of the air that moves with 
the cone, Hence: 


@; = Inf. (S/M)*. camer nts mete CL) 


The movement of the coil sets up in the surrounding air an 
alternating pressure p which in turn exerts a force on the 
cone equal to Kp = xR?p, where R is the radius of the cir- 
cular edge. The ratio of this force to the velocity v of the cone 
is known as the mechanical impedance Z. If we represent the 
speech current by i = im exp(jot), then Z has the complex 
value 
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where Z, and Z; are functions >) of kR, and k = w/c 
2/4 (c = velocity of sound, A = wave length). 

In the region where kR<1, for a cone with an infinite baffle, 
Z, is proportional to f? and, for a cone without baffle, to f4; 
in both cases Zj is proportional to f. In the region kR>1, 
for both the two cases, Z; is practically constant and Z; is 


proportional to f—!. 

The transition between kKR<1 and kR>1 occurs at a 
frequency f,= c/27R. As this is near to the frequency f; 
above which the vibrations of all parts of the cone are no 
longer in phase (a phenomenon which we shall discuss in more 
detail later), there is little object in applying the above theory 
in the region where kR>1. We shall therefore confine ourselves 
mainly to the region where kKR<1 (and hence f<f,). This 
region can be subdivided into two parts: f<f,, and ff-<f<fp. 

Apart from the external force K and the air reaction Kp 
acting on the cone, the mass of which is Mc, there is also the 
force —Sx due to the stiffness of the cone (where x denotes 
its deflection), the frictional force of the suspension —hv and 
the inertial force —M.% = —M.0. 

Since all the factors involved are proportional to exp (jot), 
and writing ¥ = v = jwv, v = x = jox, it follows by equating 
the sum of all the forces to zero, that: 


K 
joM h ee pri 
joMe + naan 


, 


(3) 


where Z = Z, + jZi. The term jZj can be added to jwMc. 
The term Z;/w (which is constant when f</f,) represents the 
equivalent mass of the displaced air. The real part Z; of Z is 
of the same nature as h, the internal friction: both represent 
dissipated energy. Zr represents the radiated energy i.e. the 
useful sound energy radiated. The radiated power is: 


P70! 7, tine = 4 Zeta, so = (A) 


Let us now assume that K — Km exp (jmt) and that Km = 
constant. Since, when f<f;, Zi is proportional to f, and Zr 
to a power of f, we see that in the region f<fr the most sig- 


5) See article referred to in footnote *), in which Z, and Zj 
are shown plotted against k for anumber of different cases. 


Be — 


TWIN-CONE LOUDSPEAKER 243 


nificant contribution to v is the stiffness term S/jw, so that 
in this region, the peak velocity vm is proportional to f. 

Above the resonant frequency, that is where f;<f<fo, the 
term j(@M. + Zj) is dominant, this being proportional to f. 
In this range, therefore, vm is proportional to f-1. When 
f=fr, Um reaches a maximum. 

It follows from the above that in the region where f<f,, the 
amplitude of the cone (xm = Um/@) is practically constant and 
further, that when f-<f<f», xm is proportional to f>*. 

The value of P as a function of f varies according to whether 
the loudspeaker radiates freely (dipole), or whether it is placed 
in an infinite baffle. In the former case, when f<f,, P varies as 
w*vm*, so that Pof® where f<fr and Pof? where fi-<f<fp. 

For a loudspeaker with infinite baffle, where f<f,, P is pro- 
portional to mum”; hence when f<f;, P <f* and when fr<f<fo, 
Px constant. The power radiated at a large distance from the 
loudspeaker (r>R) per unit area is equal to p;2/oc, where pr 
is the pressure at a distance r, and g the density of the air. 
The total power is found by integration of the term p;/oc, over 
a sphere of radius r. Hence the quantity p,* when integrated 
over the solid angle 4z (i.e. fr?p,2dQ) has the same frequency 
dependence as the power P, as derived above. 

When the loudspeaker is mounted on a baffle of finite dimen- 
sions it behaves more or less as if the baffle were infinitely 
large at the higher frequencies, whilst in the lower frequencies 
it behaves as a dipole radiator. The boundary between the 
two conditions occurs roughly at f,, the frequency at which 
the length L of the air path around the baffle is equal to $A, 
ze. 

c 


f= 


It is possible to construct the electrical analogue of equation 
(3) (fig. 2). In this, the force K = Blim.exp (jwt) represents 
the “alternating voltage” which produces the “current” in 
the network. In the diagram, R, =h, R, = Z, L, = Me, 
L, = Zi/m, Cz = 1/S. (The indices correspond to the various 
factors shown schematically in the energy-balance diagram 


on p. 290.) ®). 
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Fig. 2. Electrical analogue of a moving-coil loudspeaker. 


The frequency response curve in practice 


Having now discussed the theoretical frequency 
dependence of the various factors relevant to the 


6) For acoustical analogues, see H. F. Olson, Elements of 
acoustical engineering, van Nostrand, 2nd Ed., New York, 
1947 (particularly Ch. VI). Olson employs for the “current” 
the acoustical quantity U = Av, (where A = 7R?, and 
U is the volume swept through by the cone per second), 
and for the “voltage” Bli/A (having the dimension of a 
pressure). The impedances must then all be divided by 
a factor A’. 

In the diagram in fig. 2 the ohmic heat developed in the 
speech coil (the major source of loss) is not expressed. This 
could be done by shunting the impedance circuit with a 
resistance R, such that K?/R, would be equal to Ri*, 
where R; denotes the resistance of the speech coil. 
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operation of a loudspeaker, we may now consider 
the form of the actual response curve and how the 
desired characteristics can be attained. 

First, however, something should be said about 
the measurement of the energy radiated by the loud- 
speaker. It is usual to measure the sound pressure 
at a certain point, say on the axis, at a certain dis- 
tance from the speaker. If the speaker were capable 
of radiating the sound equally in all directions, 
the frequency dependence of the sound pressure 
plotted logarithmically would be the same as that 
of the output power, which is everywhere propor- 
tional to the square of the sound pressure. 

Now, the radiation diagram is dependent on 
the frequency, the main cone of sound generally 
becoming narrower as the frequency is increased. 
Hence the sound pressure curve as measured on 
the axis lies at a higher level than the power curve 
at the higher frequencies (f>f). 

The frequency response curves accompanying 
this article all represent the sound pressure at the 
axis as a function of frequency, with an alternating 
current of constant amplitude flowing in the 
speech coil. We shall not dwell on the method of 
measurement employed in plotting these curves; 
it is sufficient to say that a constant current of 
uniformly increasing frequency is applied to the 
speech coil, and that the sound pressure as measured 
by means of a microphone and amplifier is recorded 
on a paper strip, whose lateral movement is made 
this way the whole frequency spectrum is covered 
to correspond to the increase of frequency’). In 
in about 40 seconds. At a certain frequency the 
speech coil current is momentarily cut off to provide 
a marker in the form a of dip in the curve, to check 
that the curve as traced out is correctly placed 
with respect to the frequency scale. This inter- 
ruption can be clearly seen in fig. 3 (at M), as well 
as in figs. 6 and 9. ®) 

Although we are primarily concerned in this 
article with reproduction of the higher frequencies, 
we shall in passing briefly mention the middle 
register and lower frequencies as well. 


Reproduction of the low tones 


The lowest tone that the loudspeaker is capable 
of reproducing without distortion is determined 
by the resonant frequency, which in turn depends 
on the stiffness (of the suspension of the cone at 


7) See also R. Vermeulen, The testing of loudspeakers, 
Philips techn. Rev. 4, 354-363, 1939. 

8) In figs 3, 6, 9 and 10 the bold horizontal lines (in fig 10 
circles) are spaced at a distance equal to 10 dB, which 
means that from one line to the next, the pressure p in- 
creases by a factor of 10, and p? by a factor of 10. 
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the edge and apex), and on the total mass (cone, 
coil and air resistance). Although the resonant fre- 
quency is governed to some extent by the size of the 
cone, and still more so by the maximum load for 
which the speaker is to be designed, it is not very 
difficult to make the resonant frequency so low 
that, as far as the loudspeaker itself is concerned, 
faithful reproduction of the lowest notes occurring 
in music will be guaranteed. A 12’’ loudspeaker with a 
power handling capacity of 15 W can have a resonant 
frequency as low as about 20 c/s, and an 8” speaker 
rated for 10 W a resonant frequency of 45 c/s. 

Below the resonant frequency, the output drops 
by 12 db (a factor of 16) per octave, for a loudspeak- 
er with “ideal’’ (infinite) baffle. 

In practice, however, the speaker is generally 
mounted on a baffle of limited size or in a radio 
cabinet and, under these conditions, an additional 
drop in output will occur at very much higher 
frequencies. This decrease, which is about 6 db per 
octave (a factor of 4 in the acoustic output power) 
is due to the fact that the air is able to flow round 
the baffle, from the front to the back of the cone 
and vice versa. It begins to be noticeable at the 


frequency f,. 
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Fig. 3. Response curve of a conventional 8” loudspeaker, 
showing on a logarithmic scale the sound pressure p on the 
axis, for a constant current in the speech coil. The frequency f 
plotted horizontally also has a logarithmic scale. The marker 
M, obtained by interrupting the speech current (at 1000 c/s) 
serves to register the curve correctly with respect to the fre- 
quency scale. 


This drop of 6 db per octave (in the range f,<f< 
fi) can be compensated at frequencies which are 
not too low, say, at 1 octave below f,, by modifying 
the response curve of the amplifier. This can be done 
even in low-power amplifiers, at least for low output 
levels (room strength), where, of course, it is most 
needed. A section of the input potentiometer is 
shunted by a resistor and capacitor in series, this 
having the effect of attenuating the higher frequen- 
cies as compared with the low (automatic bass 
compensation). 
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In the case of a loudspeaker mounted in a cabinet 
or on a small baffle there is little object in striving 
for a low resonance; it may even be preferable 


expressly to raise the resonance point, say to one 
octave below f;- 


Reproduction of the medium frequencies 


Above the resonance point (with constant cur- 
rent) the output of a loudspeaker on a large baffle is 
practically constant with the frequency, at least 
for f<f,. In the range f>f,, the output theoretically 
decreases (see table 1). This applies, however, only 
to that part of the spectrum in which all the parts 
of the cone vibrate in phase. The upper limit of 
this range (frequency f,) usually occurs at 1000 c/s. 
being somewhat lower in large cones, and higher in 
small ones. 


a 


b) at 12 000 e/s. 


Above 1000 c/s the cone exhibits complex modes 

of vibration, and only an irregularly defined area 
round the speech coil is then in phase. The nodal 
lines can be rendered visible by sprinkling a fine 
r-. powder over the cone and allowing it to vibrate 
for some time at the same frequency; vibration 
"patterns are thus obtained like the well-known 
Chladni figures (fig. 4). 
- In consequence of this behaviour the effective 
mass of the cone becomes smaller with increased 
frequency, and the velocities accordingly higher, 
resulting in a rise in the pressure curve. 
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Reproduction of the higher frequencies 

A judicious choice of material for the cone will 
ensure a vibration mode that yields a gradual and 
uniform rise in the sound pressure curve in the 
region beyond 1000 c/s. The rise in response is 
desirable in order to give satisfactory reproduction 
up to 6000—8000 c/s. At higher frequencies than 
this the curve drops sharply because that part of 
the cone where the vibration is in phase ultimately 
becomes too small, and also because it is unfavour- 
ably placed for diffusion, lying as it does at the 
deepest point in the cone. As a result, a peak occurs 
in the region of 6000—8000 c/s which in some of the 
few publications on this subject is sometimes refer- 
red to as the “resonance point of the cone itself”. 
This is incorrect, in that the peak in question is 
determined by the mass of only a part of the cone 


Fig. 4. Complex vibration patterns (Chladni figures) in a loudspeaker, a) at 4000 c/s, 


and also by the stiffness of the surrounding material. 

The rise in the pressure curve with frequency 
which is needed to compensate for the decrease 
in output that accompanies a rise in frequency 
should be about 6 db per octave (pocf). It is 
difficult to accomplish this by mechanical means. 
As arule about 4 db is accepted, the difference being 
made good by a rise in the electrical characteristic 
of the amplifier. _ 

If the loudspeaker is to be used with a conven- 
tional type of amplifier, which for a constant input 
signal delivers an output voltage independent of 
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frequency (i.e. an amplifier with negative voltage 
feedback), it must also be borne in mind that the 
current in the speech coil will be dependent on 
the impedance of this coil. In most loudspeakers 
the impedance rises steeply with the frequency. 
Philips manufacture so-called “constant imped- 
ance” loudspeakers: the impedance at 20 ke/s is 
at most 40°% higher than that at 1000 ¢/s. With 
“rising impedance” loudspeakers, the impedance 
at 20 ke/s can easily be 5 times as high as that 
at 1000 c/s. In fig. 5 constant and rising curves 


are compared. 


25 
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Fig. 5. Speech coil impedance as a function of f in a loud- 
speaker with “constant”? impedance (continuous line) and, 
for comparison, the curve for a conventional loudspeaker 
with rising impedance (broken line). 


Distortion 


Non-linear distortion has its origin in two main 
causes. One of these is the fact that the restoring 
force of the cone is not proportional to its displace- 
ment (i.e. the stiffness of the suspension is not 
constant, but increases with the displacement). The 
other source of non-linear distortion can be traced 
to the fact that the force acting on the coil depends 
not only on the current, but also on the position 
of the coil in the magnetic field (because the latter 
is not quite homogeneous). 

To obtain the optimum ratio between the current 
in the speech coil and the force acting on it, the ratio 
of the air-gap depth to the wound length of the 
speech coil must be carefully chosen; the form of 
the field in the air-gap is also important. Proportion- 
ality between the restoring force and the displace- 
ment is ensured by a judicious choice of material 
for the cone and a suitable stiffness ratio between 
the two suspension elements. 

Non-linear distortion is manifested in various 
ways. If it is present below 1000 c/s, a sinusoidal 
signal applied to the loudspeaker will exhibit over- 
tones (higher harmonics). If the rest of the spectrum 
is taken into consideration as well, intermodulation 
distortion becomes important; this takes the form 
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of spurious frequencies fy + fp and fa — fh, when 
both the frequencies fa and fp occur simultaneously 
in the input signal. The difference frequency 
fa—fb can be particularly troublesome if fa and fh 
are high and fa—fh occurs in the middle register. 

Intermodulation distortion is also influenced to 
some extent by the shape of the response curve. The 
more irregular the curve, with many peaks and 
dips, the more distortion will be present. If non- 
linear distortion is to be avoided, moreover, the 
position of the speech coil with respect to the 
magnetic field, when the coil is at rest, is important. 
(The centre of the coil should coincide with the 
strongest part of the field). Further, as already 
stated, the amplitude of the cone should not be too 
great; for this reason a large baffle is desirable, 
because this ensures a low resonant frequency 
(effect of the air mass), and small amplitude 
(effect of damping resistance) °). 

All Philips 


designed from the point of view of distortion; the 


loudspeakers are very carefully 
more expensive types are of course better in this 
respect but, used under the proper conditions, they 


are all of a very high standard. 


Extension of the frequency range 


When the problem of extending the frequency 
response by a whole octave first arose, efforts were 
first made to modify the conventional moving-coil 
loudspeaker — which had already proved its worth 
up to 8000 c/s — such that it would also meet the 
new requirements. 

It was necessary not only to increase the sensiti- 
vity in the higher frequencies, but also to improve 
the radiation pattern at those frequencies, so as to 
ensure a better distribution of sound in the higher 
tones. With a single cone the sound radiation is 
confined to an increasingly narrow beam as the 
frequency becomes higher. One method of achieving 
a wide diffusion angle is to employ a wide angle 
(remembering, that, owing to 
standardisation, we are limited to certain cone 
dimensions). A slight increase in the range (up to 
12000 c/s) was obtained by “hardening” certain 
parts of the cone, but this in itself was not suf- 
ficient, particularly as it did nothing to improve 
the diffusion angle. 


cone however, 


*) The damping at the resonance point is also important in 
relation to the behaviour of the cone when acted upon by 
a discontinuous force, e.g. a sinusoidal force which com- 
mences or ends abruptly (transient response). Apart from 
the effect of the cone fabric (peaks in the response curve), 
the build-up and decay of the vibration is very dependent 
on the damping. 


| 
| 
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A combination of two loudspeakers 

It is known that the response characteristic in 
the higher frequencies is improved by reducing 
the size of the cone and coil, provided that their 
masses are kept as small as possible, and that a 
slightly stiffer cone material is used. A small speech 
coil ensures that the cone is excited more towards 
the apex, and so improves the mechanical coup- 
ling between cone and coil. A small loudspeaker 
constructed along these lines will quite effectively 
reproduce frequencies up to 15000 c/s, but, owing 
to the small dimensions, reproduction of the bass 
is poor. The obvious solution to the problem is 
therefore to use a small loudspeaker for frequencies 
above 8000 c/s in series or in parallel with a con- 
ventional loudspeaker for the range up to 8000 c/s. 

If at the same time the angle of the cone of the 
small speaker (or “tweeter”) is made as wide as 
possible, a better radiation pattern will be obtained 
in the higher frequencies; in this connection, the 
small diameter of the cone with respect to the wave- 
length also plays an important part. 

However, simple and effective as this solution 
might appear to be, there are objections to it in 
practice. 

In the first place the efficiency of the tweeter is 
much lower than that of the larger speaker. The 
area of the air-gap is necessarily smaller; the in- 
duction in the gap is also smaller (owing to the 
saturation of the soft iron core). The product of 
induction and air-gap area (a measure of the total 
effective flux, and hence also of the efficiency), 
is therefore smaller. Reproduction of the higher 
frequencies is certainly improved, but the general 
level is too low, so that, because of the acoustic 
“masking” effect whereby the ear accomodates it- 
self to the sound level in the middle register, the 
extension in the frequency spectrum obtained in 
this way does not adequately fulfil its purpose. 

The only means of obviating this would be to 
reduce the efficiency of the large speaker, but this 
would in turn involve increasing the electrical 
output of the amplifier to yield the same acoustic 
output, which would of course be uneconomic. 

In some countries efforts have been made to 
minimize the extra cost of the higher frequency 


response by using a simpler type of instrument for © 


the tweeter, such as an electrostatic (condenser) 
or a crystal type of loudspaker, but there are ob- 
jections to both, viz. considerable distortion, and 
sensitivity to climatic conditions. If high fidelity 
is required in the high frequencies, the use of such 
speakers is not advisable. 

Apart from this, there is another drawback in the 
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use of two loudspeakers, which is quite as important 
as the others. As the two cones do not vibrate in 
phase, and the phase shift is dependent on both 
frequency and direction, interference occurs, as a 
result of which some parts of the spectrum in the 
cross-over region between the two speakers are ap- 
preciably attenuated, depending upon the listening 
position (cross-over dip, see fig. 6a). This can be 
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Fig. 6. a) Response curve (p plotted against f, for constant 
speech coil current) for a tweeter and main loudspeaker 
mounted side by side in the same cabinet. 

b) Response curve with tweeter placed inside the cone of the 
large speaker. 


avoided by placing the speakers some distance 
apart; interference minima and maxima are thus 
reduced and the response curve is more uniform, 
but the separation must be a matter of some yards 
and the speakers cannot be housed in the same 
cabinet. 

Nor is it good practice to mount a tweeter in the 
space within the cone of the larger speaker, as will 
be seen from the response curve in fig. 6b. 


The twin cone loudspeaker 


A solution that does give satisfactory results is 
a single loudspeaker with two cones, that is, a small 
cone inside, and attached to, the large one (figs. 7 
and 8). Development of this design is based on 
the assumption that this is the only way, with the 
two cones driven by the same coil, in which the 
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Fig. 7. Cross-section of twin-cone loudspeaker (C, outer cone; 
C, inner cone). 


problem of the level of sound in the higher frequen- 
cies can be satisfactorily solved. Correct proportion- 
ing (mass and stiffness) of the inner cone then en- 
sures a response curve that reveals no irregularities 
in the transition region (fig. 9a). It is an advantage 
from the point of view of continuity of response 
between the middle register and treble that the 
mass of the large cone is increased by the addition 
of the small one. Furthermore, the latter, in the 
frequencies between 3000 and 8000 c/s (for which 
the large cone is effective) acts as a diffuser, thus 
improving the radiation diagrams. 

Beyond 8000 c/s the small cone takes over and 
continues up to 18000 c/s; the large cone then 
serves as a reflector to improve the radiation diagram 
in this range. This is illustrated in fig. 10, which 
shows the radiation patterns of the same loudspeak- 


er with and without inner cone. 


Photograph of twin cone loudspeaker (Type 9710 M). 
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The twin cone has only one disadvantage — if 
it is fair to call it a disadvantage — and this is that 
the smaller cone cannot be switched out. If, for 
any reason, a part of the treble is not wanted (as 
in A.M. radio reception, or in the reproduction of 
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Fig. 9. a) Response curve of twin-cone loudspeaker (without 
baffle). b) Response curve of the outer cone only. 


poor quality gramophone records where needle 
hiss needs to be suppressed), the amplifier will 
have to incorporate an effective treble control, 
capable of attenuating or even suppressing the 
higher frequencies (say, above 4000 c/s). Even 
in this case, however, the advantage of the diffusive 
effect of the inner cone on the sound in the range 
below the cut-off frequency (3000—4000 c/s) is 
retained. 

The manner in which the improvements in the 
high-frequency response were obtained may be 
summarized as follows. The complex modes of 
vibration of the cone at frequencies over 1000 c/s, 
which improve the response curve up to about 
8000 c/s, in itself a favourable feature, gives some 
trouble at the highest frequencies, as the operative 
part of the cone is then too small and too deep 
within the cone. The addition of the small extra 
cone constitutes, as it were, as extension of the 
control part of the. main cone, which not only in- 
creases the radiating area, but also this area (and 
particularly the edge of the small cone) is brought 
more to the fore. 
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Fig. 10. Radiation polar diagrams of twin cone 8” loudspeaker (dotted lines refer to outer 
cone alone), at frequencies of 6, 8, 10, 12, 14 and 16 ke/s. The pressure (at a constant 
distance) is plotted radially on a logarithmic scale. 


Finally it may be noted that in certain cases 
it may nevertheless be found desirable to employ 
two loudspeakers, each reproducing a certain 
range of frequencies. This is usually done to over- 
come imperfections in the amplifier (electrical 
intermodulation distortion). A two channel am- 
plifier is then used. As a twin cone loudspeaker 
connected to the treble channel will also reproduce 
the lower frequencies sufficiently strongly, the 
cross-over point may be made fairly low (e.g. 300 
c/s), which is desirable because it facilitates the 
compensation of phase differences. However, if the 
loudspeakers are mounted too close together in the 
same cabinet the same objections apply as described 
for the use of the large speaker with separate tweeter. 
These objections can be obviated by employing 
networks to ensure that the phasing of the two 
channels is the same at the cross-over point. The 


phase difference can be reduced to less than 5° in 
this way, thereby eliminating the interference re- 
ferred to above. 


Summary. In view of the improvements in the reproduction 
of sound offered by F.M. radio, modern gramophones and 
tape recorders, an extension of the response curve of loudspeak- 
ers from about 8000 to some 18 000 c/s is desirable. A brief 
review of the theory of moving-coil loudspeakers and the 
radiation characteristics at low and medium frequencies is 
followed by details of possible methods of achieving the re- 
quired extension. One very good solution is the twin-cone 
loudspeaker which gives a response curve at once more 
uniform and with a higher cut-off (18 000 c/s) than the more 
usual combination of loudspeaker and separate tweeter. The 
reflecting action of the large cone, and the diffusing effect of 
the small one give a considerable improvement in the radiation 
diagrams, and eliminate the inevitable “cross-over dip” which 
can otherwise be avoided only at the expense of additional 
expensive measures. In some cases it is better to employ 
a two-channel amplifier and to feed the two channels into 
the loudspeakers separately. Steps must also be taken to 
avoid phase differences at the cross-over point; this can be 
done at a relatively low cross-over frequency by using a twin- 
cone model for one of the speakers. 
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A PHOTO-MULTIPLIER TUBE FOR SCINTILLATION COUNTING 


by R. CHAMPEIX *), H. DORMONT *) and E. MORILLEAU *) 


621.383.27 :539.16.08 


In experiments involving radioactive substances, accurate and sensitive methods are 
necessary for the measurement of the radiations emitted. Such measurements are often made 
with the aid of the familiar scintillation properties exhibited by certain crystals, by converting 
the scintillations into electric currents in a photo-multiplier tube. A photo-multiplier tube 


specially designed for this purpose is described in the present article. 


The radiations emitted by radioactive substances 
can be measured in a number of ways. The Geiger- 
Miller counter +), for example, is widely used: any 
radioactive radiation striking such a gas-filled tube 
initiates momentarily heavy discharges, which send 
current pulses through the tube. The voltage pulses 
generated by these current pulses in a suitable 
resistance are strong enough to be readily detected 
and recorded (“counted”) with the aid of simple 
electronic instruments ”). 

Despite one or two inherent disadvantages, the 
Geiger-Miiller counter is very widely used on account 
of the simplicity of the tube itself and its associated 
circuits. The disadvantages will now be outlined. 
Firstly, the magnitude of the current pulses pro- 
duced by incident particles is constant, that is, it 
is independent of the energies of the individual 
particles; hence the Geiger-Miller counter does not 
provide quantitative data as to the energy of the 
particles detected (which is necessary if it is 
required to know the energy distribution of the 
particles or quanta released during a particular 
radioactive process). 

Another drawback of the Geiger-Miller tube is its 
rather long “dead-time”. Each discharge occupies 
a certain period (about 100 micro-seconds), and the 
tube does not respond to any particles which happen 
to enter it during this time: hence such particles 
remain uncounted. Since this effect becomes more 
serious as the strength of the incident radiation 
increases, the increase in the number of discharges 
per second with the radiation intensity is not linear. 

As regards the measurement of weak radiation, 
on the other hand, the principal disadvantage of the 
Geiger-Miiller tube is low quantum-efficiency; at 
the most, !/, to 1 % of the quanta striking the tube 
initiate discharges. Hence the remainder are omitted 
from the count. 


*) Laboratoires d’Electronique et de Physique appliquées, 
Paris. 

1) See, for example, Philips tech. Rev. 13, 282-292, 1951/52. 

2 Some examples of counting equipment are given in Philips 
tech. Rev. 14, 313-326, and 369-376, 1952/53. 


In view of these disadvantages other methods 
of measuring radioactive radiation have been 
sought. One solution to the problem lies in the 
application of the scintillation effect. Scintillation, 
first noted as a feature of a-particles by Crookes in 
1903, may be described in the following manner. 
Certain substances when exposed to radioactive 
radiation exhibit very brief flashes of light at one 
point after another. It has been shown that each of 
these scintillations is produced by a single incident 
particle, or quantum, and that the intensity of each 
scintillation is proportional to the energy of the 
particle producing it. It was recognised that this 
gave the possibility of measuring the number and 
intensity of the different scintillations with an in- 
strument having a very short dead-time, a consider- 
able improvement on the Geiger-Miller counter. 

During the initial investigations of the scintilla- 
tion effect, the flashes were, in fact, observed and 
counted visually with the aid of a magnifying glass; 
however, it will be seen that this method is subject 
to severe limitations. The obvious course is to 
convert the scintillations into electric pulses by 
means of a photo-electric cell, but the flashes are 
so faint as to evoke hardly any response in an ordi- 
nary photoelectric cell, owing to the high level of 
noise generated by the cell and its associated ampli- 
fier. However, in 1944 Curran and Baker conceived 
the idea of counting the scintillations by means of 
a photo-multiplier tube, that is, a special photo- 
electric cell whose current is amplified by secondary 
emission, a process involving very much less noise 
than the amplification of the output signal of an 
ordinary photo-electric cell by means of a conven- 
tional amplifier circuit. 

The subsequent widespread and successful adop- 
tion of this idea is sufficient evidence of its merit. 
However, whilst appreciating that this method does 
all that is claimed for it in eliminating the dis- 
advantages of the Geiger-Miiller tube, we should 
bear in mind that it involves the use of a photo- 
multiplier tube which is itself very much more 
complex than the inherently simple Geiger counter. 
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In the present article we shall consider a multiplier 
tube developed by the “Laboratoires d’Electronique 
et de Physique appliquées” in Paris. However, 
before examining the considerations governing the 
actual design of this tube, we shall discuss briefly 
certain features of the scintillating material, onl 
give a summary of the advantages of the photo- 


multiplier tube from the point of view of noise- 
level °). 


Choice of the scintillating material 


The phosphor material, that is, the material which 
scintillates when struck by the particles to be 
counted, should satisfy the following requirements: 
1) it should readily absorb radioactive radiation; 
2) it should be highly efficient in converting “radio- 

active” energy into “light” energy; 

3) it should absorb no more than a small proportion 
of the light produced by scintillation, that is, 
it should be transparent; 

4) the duration of its scintillations should be as 
short as possible with a view to a short dead-time. 

Several materials offer adequate combinations of 
these properties. Although in most cases single 
crystals are employed, certain polycrystalline mate- 
rials, plastics and liquids are likewise suitable. 
Some characteristics of certain single crystal mater- 
ials are given below. The wave lengths quoted 
refer to the maximum of a continuous spectrum 


1000 to 2000 A wide. 


Wavelength of Time- 
Material scintillation constant 
in A in sec 
Sodium iodide (activa- 
ted with thallium) . 4100 B0pclOms 
Anthracene . 4400 3x 10-8 
Naphthalene 3500 5 x 10-8 


Under favourable conditions, such materials may 
be up to 20 % efficient in converting the energy of 
each absorbed particle into light energy. The per- 
centage of incident radiation absorbed depends upon 
the nature of the radiation and also, of course, upon 
the dimensions of the particular crystal. Quanta of 
y-radiation are absorbed quite readily (about 40 y)3 
X-radiation may even be completely absorbed by 
crystals of this type. 


8) See Philips tech. Rev. 10, 263, 1948/49. A description of 
older photo-multiplier tube designs will be found in Philips 
tech. Rev. 3, 134, 1938 (tube with 11 stages and magnetic 
focusing) and 5, 253-257, 1940. (tube with 4 stages and 
electrostatic focusing). 
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Noise characteristics of photo-electric cells and photo- 
multipliers 

A considerable difference exists between the noise 
characteristics of a photo-electric cell and its asso- 
ciated amplifier as opposed to those of a photo- 
multiplier tube. This will now be elaborated. 

In the case of the combination photo-electric 
cell + amplifier, the photo-current of the cell, 
passes through a resistor, and the voltage thus 
generated is amplified by one or more electron tubes. 
Apart from the signal voltage, a noise-voltage exists 
between the ends of the resistor, which arises from 
the thermal agitation of the electrons in the resistor. 
This voltage is equivalent to an e.m.f. in series with 
the resistor. The noise e.m.f. is proportional to the 
square root of the resistance. 

Even in the absence of any photo-current, then, 
a certain noise-voltage occurs across the resistor. 
This augments the noise-voltage arising from the 
noise-component of the photo-current itself. The 
signal-to-noise ratio of the voltage applied to the 
amplifier is therefore lower than that of the original 
photo-current. 

However, it is possible to lessen this increase in the — 
relative noise-level by increasing the load-resistance 
of the photo-electric cell, since, given a relatively 
high resistance, the voltage produced by the photo- 
current will increase linearly with the resistance, 
whereas the noise-voltage of the resistor itself will 
increase only as the square root of the resistance. 

Accordingly, the load-resistance is always made as 
high as possible; its value if limited, however, by 
the bandwidth of the particular signal to be amplified: 
the maximum bandwith of the amplified depends on 
the stray capacitance in parallel with the load- 
resistance, and becomes smaller as the load-resistan- 
ce is increased. On purely theoretical ground, how- 
ever, it is true to say that, for a sufficiently narrow 
band width, the signal-to-noise ratio of a photo- 
electric cell-amplifier combination may be as high 
as that of the original photo-current. 

The noise characteristics of the photo-multiplier, 
on the other hand, do not depend on the output 
resistance, since (owing to the initial amplification 
by secondary emission) the current at the output is 
so strong that the noise-voltage generated in the 
resistance itself is negligible by comparison. There 
is instead, another source of noise as a result of the 
secondary emission, viz. that which arises because 
the number of secondary electrons released by each 
primary electron striking the dynodes fluctuates 
about a certain mean. 

Now, the spectral intensity distribution of this 
“secondary emission noise” is identical with that of 
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the original photo-current noise; hence the increase 
in the relative noise level arising from secondary 
emission does not depend on the bandwidth of the 
signal and may therefore be considered constant. 

The noise characteristics of the photo-electric cell 
as compared with those of the photo-multiplier may 
well suggest that the cell and amplifier combination is 
the best, since this combination affords at least some 
measure of control over the noise characteristic 
through limitation of the bandwidth. In fact, how- 
ever, precisely the opposite is the case owing to the 
fact that, with the bandwidths employed in practice, 
the proportion of the original noise-level attribut- 
able to the load-resistance of the photo-electric cell 
far outweighs that arising from secondary emission 
in a photo-multiplier tube. Hence the latter enables 
us to detect scintillations about 100 times fainter 
than can be discerned with the aid of a photo-elec- 
tric cell and associated amplifier. 

The nature of the “signal” in scintillation count- 
ing — viz. current surges in the form of pulses 
alternating with non-conductive intervals — gives 
the photo-multiplier a further advantage over the 
rival combination. Given the possibility of procuring 
zero “dark current” (output current in the absence 
of light), then regardless of the amount of secondary 
emission noise produced, any scintillation, however 
faint, will produce an output current pulse strong 
enough, to be discerned without undue difficulty, 
because of the absence of background noise (the 
magnitude of such a pulse, will of course depend on 
the secondary emission noise). 

In a photo-electric cell and amplifier combination 
background noise is always present, owing to the 
noise-voltage generated by the load-resistance itself, 
and this prevents the detection of very small signal 
voltages. 

Accordingly, it is seen that the sensitivity to 
scintillations of the photo-electric cell is inherently 
limited by the resistance noise, whereas that of the 
photo-multiplier is governed by the magnitude of 
the “dark current”. Hence it is desirable to reduce 


the latter as far as possible. Means by which the 


dark current may be reduced are in fact known and 
will be described presently. 


Properties desirable in a photo-multiplier tube 


A photo-multiplier tube employed to measure 
scintillations should possess the following properties: 
1) Adequate sensitivity, that is, enough to ensure 

that each scintillation will produce in the output 
circuit a voltage strong enough to be amplified 
in the following stages without any perceptible 
effect on the signal-to-noise ratio. 
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2) Low inherent noise-level. 
3) Low resolving time, to ensure that particles stri- 
king the tube in quick succession will be counted. 
4) Constant ratio between incident light and the 
resultant photo-current, so that the output 
current is a true measure of the initial quantity 
of light, that is, of the energy of the original 
radioactive particle. 
The factors governing these different properties 
will now be considered individually. 


Sensitivity 


The possible sensitivity of a photo-multiplier 
depends of course on its construction. Two different 
types of electrode system are commonly employed 
in photo-multiplier tubes. 

Firstly, there is the system in which each secondary- 
(“dynode’’) 
plates arranged like the slats of a venetian blind 
( fig. 1). In this system the electrons emitted by the 


electron emitter comprises several 


81660 


Fig. 1. Diagram showing the basic construction of a photo- 
multiplier tube in which the dynodes D are arranged in the 
form of a “Venetian blind”. 

The incident light falls on the photo-sensitive layer F, and 
all the electrons emitted are collected by the anode A. 


photo-cathode travel to the first dynode, which is 
maintained at a certain positive potential relative 
to the cathode. Striking this dynode, they release 
secondary electrons, which in turn are attracted to 
the second dynode (this being at a still higher 
potential), thus releasing more secondary electrons, 
and so the process continues. 

However, in the multiplier tube considered here, 
the other system has been adopted, for reasons 
which will be seen later. Here, the photo-electrons 
are focused on the first (one-piece) dynode (fig. 2) 
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Fig. 2. Diagram of a photo-multiplier tube in which the elec- 
trons are focused electrically. The meaning of the letters is 
the same as in fig. 1. 
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by a suitable electric field; the secondary electrons 
thus released are accelerated and deflected by the 
electric field between the first and second dynodes, 
proceed to the second dynode, and so on. As in the 
system previously considered, each dynode is 
maintained at a higher potential relative to the 
cathode than the one preceding it, with the anode, 
the final destination of all the electrons, at the 
highest potential of all. 

The number of electrodes employed to emit 
secondary the 
current-amplification, and on the secondary emis- 
sion factor (6) of the particular dynode-material. 
The secondary emission factor may be defined as the 


electrons depends on desired 


number of secondary electrons emitted per incident 
primary electron, as averaged over a large number 
of primaries. A secondary emission factor of up to 
3 or 4 can be obtained with caesium-coated dynodes; 
ten dynodes in one tube give the required current- 
amplification. 


The number of dynodes required may be calculated as follows. 
Given a particular type of radioactive radiation, say the ag 
radiation emitted by polonium (the energy of each particle 
being about 5.3 MeV), falling upon a crystal of anthracene, and 
assuming the “luminous efficiency” of such a crystal to be 
20%, we find that the amount of energy converted into light 
O20 Xe 5.3= x OSes 108 EVE 
Suitable reflectmmg layers applied to the walls are assumed to 
focus most of this energy on the photocathode of the multiplier. 
The wavelength of the light thus generated in the anthracene 
is 4400 A, and at this wavelength each light-quantum corres- 
ponds to an energy-level of about 2.8 eV; hence the light energy 
of 106 eV comprises about 10°/2.8 ~ 3.6 x 10° light-quanta 

The efficiency of a photo-cathode operating at this wave- 
length is about 0.1 electron per light-quantum; therefore one 
a-particle will release about 3 x 10+ primary electrons in the 
photo-multiplier tube. In a 10-dynode multiplier tube with a 
secondary emission factor of 3.6, the current amplification is 
(3.6)!9 ~ 4 x 105, so that the anode current-pulse generated 
by one incident a-particle comprises 12 x 10° electrons, which 
corresponds to a charge of 12 x 10° x 1.6 x 10-8 = 2 x 10~° 
coulombs. If the total capacitance of the anode circuit be 20 pF, 
such a charge corresponds to a voltage Q/C = 2 x 10-9/20 x 
10-2 = 100 Volts. In practice, however, voltage variations as 
large as this are not permissible, since they would cause 
defocusing of the electron beam at the last of the dynodes 
(aggravated by the space charges arising from the heavy 
currents involved); this might well impair the linear relation- 
ship between the primary photo-current and the output volt- 


per incident particle is 


age. 


Inherent noise level 


It has already been remarked that a good quality 
photo-multiplier tube is one having zero or a very 
small dark-current. Let us now consider the possible 
causes of electron-emission in the absence of light. 

Owing to the current amplification taking place 
after the photo-cathode and the first dynode, any 
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“parasitic” electrons emitted by these two electrodes 
give rise to much larger currents in the output 
circuit than would be produced by similar parasitic 
emission from the other electrodes in the tube. It 
is therefore necessary to pay particular attention 
to the primary electrodes. 

Spontaneous electron-emission in the absence of _ 
light may be either thermionic, or “cold’’. Although 
usually very slight at room temperature, thermionic 
emission may cause noise owing to the high current- 
amplification occurring in the photo-multiplier. For 
the photo-sensitive layer therefore a material is chosen 
with the highest practicable threshold-potential, 
so as to minimize the thermionic emission at a given 
temperature. However, since the same potential 
must be surmounted by the electrons constituting 
the photo-current, light-quanta having a fairly high 
energy-level are required to extract photo-emission 
from such a material. Hence the threshold-wave- 
length for photo-electric response is so short that 
red light will not produce photo-emission. Fortuna- 
tely, most crystals employed for scintillation count- 
ing produce light of short wavelengths: hence this 
lack of red-sensitivity is no real disadvantage. The 
photo-sensitive coating employed in the present 
photo-multiplier tube is a combination of caesium 
and antimony, having a high threshold potential 
(1.7 eV); its long-wave threshold for photo-emission 
is 7000 A. 

Similar considerations apply to the choice of the 
dynode material, in this case copper coated with 
caesium oxide. 

Moreover, in view of the invariable, although 
slight, thermionic emission, the area of the photo- 
sensitive layer and that of the dynodes are made as 
small as possible having regard to the size of the 
scintillating crystals used. 

Another possible source of parasitic current is 
so-called “cold” emission; this arises from the direct 
action of an external electric field upon the surface 
of the material. Since a strong field, such as may 
build up around sharp edges or irregularities on the 
electrodes, is required to produce such emission, 
smooth surfaces electrodes with suitably 
rounded shapes are effective as a means of avoiding 
it. 

An increase in the noise-level may also proceed 
from causes other than those already described. One 
of them is leakage current between the different 
electrodes, caused by impurities on the surface of 
the glass or the mica electrode-supports. Since the 
leakage path on which the size of such currents 
depends tends to vary and so cause crackling in the 
tube, it is necessary to provide the best possible 
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insulation for all the electredes, and particularly 
for the anode, since the leakage current of the anode 
passes direct into the external load-impedance. 

Again, any electrons drifting at random in the 
tube may touch the glass and so excite fluorescence. 
If the light so produced happens to fall on the 
photo-cathode it may cause undesired photo-emis- 
sion, thus increasing the fluctuation-level. The 
electrodes should therefore be so designed as to 
minimize the possibility that electrons will drift 
through the tube outside the electrode system 
proper. 

Any residual gases present in the tube are likewise 
a possible source of noise, since positive ions formed 
by collision between electrons and the gas atoms 
travel to the photo-cathode, causing secondary 
emission and so affecting the primary current. To 
avoid such interference it is necessary to exhaust 
the tubes very thoroughly. 

In the case of the photomultiplier under conside- 
ration, careful attention to these different sources 
of noise has resulted in a “dark current” of less than 
Scns amperes, combined with a current-multi- 


plication of 500 000. 


Response time of the photo-multiplier 


We have already seen that one of the disadvan- 
tages of the Geiger-Miiller tube is its long dead-time 
(about 100 psec). In the case of the photo-multiplier 
tube, the duration of a single output-pulse is very 
much shorter. Assuming for the moment that the 
flash in the photo-cathode is infinitely short, we 
find that the factors governing the duration of the 
anode pulse are as follows: 

1) The velocity distribution of the secondary elec- 
trons emitted. — Between each pair of consecu- 
tive dynodes there is a potential difference of 
about 100 volts. Given a distance of 5 mm 
between electrodes, those electrons whose initial 
velocity at their originating dynode is zero will 
have a transit time of about 2 x 10’ sec. However, 
owing to the fact that in practice the initial 
velocity varies between different electrons, a 
certain amount of spread, say about 3.5 « 107° 
sec, occurs in the transit time. 

2) The emission-lag of the secondary emission. — 
As far as can be ascertained, this time-constant 
is very short, viz. of the order of 10°” sec; hence 
the effect of any variation in it will be small. 

3) The difference in the paths of different electrons. 
— Owing to the often considerable difference in 
the paths of individual electrons, the spread in 
the transit time may be considerable; indeed 
it may become as large as the value of the transit 
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time quoted under 1), that is, about 2 x 10” sec. 
From this point of view, the “venetian blind”’ 
electrode arrangement (fig. 1) is unfavourable, 
since it enables some of the electrons to by-pass 
a particular electrode and so fosters considerable 
differences in transit time. For this reason it is 
not employed in the present photo-multiplier. 

The above assumption that the original flash in 
the scintillating crystal is infinitely short is not, of 
course, the case in practice; in fact, the duration 
of the flash in the “fastest”’ crystals is about 10 sec. 
Hence the widening of the pulse in the photo- 
multiplier as a result of the effects referred to (1, 
2, 3, above) does not cause undue disturbance. 
However, it should be remembered that the 
time-constant of the output-circuit of the tube also 
has some effect. 

Fig. 3 shows a load resistor (R) in parallel with the 
anode-capacitance (C). Now, on the one hand the 
time constant of this RC-combination should be 
long compared with the duration of a pulse, to get 
as large a pulse as possible. On the other hand, 
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Fig. 3. Anode-circuit of a photo-multiplier tube (with anode 4), 
comprising a load-resistor R and the stray capacitance C. 


however, the capacitance itself should discharge as 
quickly as possible after each pulse, if rapidly suc- 
ceeding pulses are to be resolved; from this point of 
view, a short time-constant is required. The two 
requirements are thus opposed. However, the time- 
constant of the output circuit need not be shorter 
than the response time of the crystal. For example, 
25,000 ohms for the anode-resistance and about 
20 pF for the overall self-capacitance, which gives 
RC = 0.2 ysec., is quite satisfactory in practice. 
This is very much shorter than the dead-time of 
about 100 usec for Geiger-Miiller tubes. 


Stability of the amplification 


To enable qualitative measurements to be carried 
out, “incident” light-flashes of the same intensity 
must produce pulses of the same size in the anode- 
circuit of the photo-multiplier tube. Spread in the 
size of such pulses may arise from: 

1) variation in sensitivity between different points 
on the photo-cathode (“spread in position”); 


a 
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2) variation in the amplification owing to variation 
in the secondary emission (“spread in time’’). 
This effect is stronger in the case of the “Venetian 
blind” design shown in fig. | than in that of the 
electrode-arrangement seen in fig. 2, again 

because some of the electrons may by-pass one 

or more electrodes. 


Construction of the photo-multiplier 


Fig. 4 shows the construction of the photo-multi- 
plier tube. It will be seen from this diagram that 
the area of the photo-cathode is small, in fact, as 


Fig. 4. Diagram showing the construction of the photo- 
multiplier tube described in this article. The incident light L 
falls on the photo-cathode F’. The letters f and a indicate the 
lead-in wires of the photo-cathode and the anode respectively. 


small as it can be for the crystals ordinarily employ- 
ed; in the present tube it is 5 sq.cm. A Wehnelt 
cylinder is employed to focus the primary electrons 
on the first dynode, whose potential relative to the 
photo-cathode is +100 Volts. It is also seen from 
fig. 4 that the ends of the plates forming the dynode 
are curved; this is to prevent any local formation 
of strong fields which might cause “cold” emission. 

The photo-cathode itself is a compound of anti- 
mony and caesium, i.e. SbCss, attaining maximum 
sensitivity at a wavelength of 4800 A. That part of 
the glass envelope which carries the cathode is 
optically flat and polished so as to permit of direct 
contact between the glass and the scintillating 
crystals; hence the transmission of light from crystal 
to photo-cathode is very efficient. 
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The electron-optical system focusing the electrons 
on the first dynode is designed carefully to ensure 
that 90 % of the photo-electrons will reach this 
dynode; thus the number of electrons drifting at 
random in the tube is so limited that the fluorescent 
effects produced by them on the glass are negligible. 

The base material of the dynodes is pure copper. 
Caesium vaporised in the tube during the “forming” 
of the photo-cathode settles on the copper dynodes, 
thus reducing part of the copper oxide on the surface 
of these electrodes. The surface layer so formed, 
comprising copper, caesium and the oxides of these 
two elements, has a secondary emission factor 
6 = 4 when the energy of the incident electrons is 


100 V. 


Fig. 5. The photo-multiplier tube. Note the photo-cathode 
against the flat top of the tube, and beneath it the Wehnelt 
cylinder, which focuses the electrons on the first dynode. The 


tube is about 12 cm high. 
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Through careful degassing of the electrodes and 
thorough exhaustion of the tubes, the number of 
gas-ions formed is so reduced as to eliminate all 
interference from this source; it has even been 
possible to dispense with the zirconium getter 
originally employed. 

Fig. 5 isa photograph of the photo-multiplier tube. 


Suitability for use in spectrometry 


As already explained, a scintillation counter 
should be so designed that it can also be employed 
to measure the energy distribution of ionizing radia- 
tions. For the purpose of spectrometry of ionizing 
radiations, the output voltage of the multiplier must 
be a reliable measure of the energy of the incident 
radiation. This aspect of the quality of a scintillating 
crystal and photo-multiplier combination may be 
assessed as follows. 

A radioactive substance is used, the radiation 
from which is known to consist only of a-particles 
travelling with a sharply defined velocity. A suitable 
substance is polonium, which emits q-radiation of 
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Fig. 6. Diagram showing the number of pulses per second N 
plotted against the threshold voltage D of the counter, in the 
case of monoenergeticradiation and ideal measuring equipment. 


energy 5.3 x 106 eV. This radiation is allowed to 
fall upon a scintillating crystal (anthracene for 
example) fixed to the photo-multiplier. The output- 
pulses of the photo-multiplier are fed to a counter 
responding only to pulses whose size exceeds a given 
(adjustable) threshold value. 

If the number of pulses counted per second at 
different threshold voltages is plotted against the 
threshold voltage, then with purely monoenergetic 
radiation and an ideal measuring instrument, the 
diagram so obtained should be rectangular ( fig. 6), 
since all the pulses should then be of the same size 
and the number of pulses recorded should drop 
_ abruptly to zero as soon as the threshold voltage of 
the counter is made greater than a certain value. 

Fig. 7 shows an experimental curve for a photo- 
multiplier tube not specially designed to measure 
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radioactive radiation, and fig. 8 shows the results 
of similar measurements for the present tube. The 
latter still exhibits a perceptible, through relatively 
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Fig. 7. Number of pulses NV per 30 seconds versus the output 
charge Q per pulse in the case of a photo-multiplier not specially 
designed for radio-spectrometry. 


slight rounding of the rectangular shape: this may 

be attributed to any of the following causes: 

1) non-monoenergetic radiation; 

2) scintillation of the crystal not always exactly 
proportional to the energy of the incident parti- 
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Fig. 8. Curves corresponding to those in fig. 7, for the case of 
the photo-multiplier described in this article, for two different 
velocities of the incident a-particles. 
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lack of homogeneity in the photo-sensitive layer; 
effect of fluctuations in the photo-multiplier; 
“threshold” selectivity of the counter not in- 


finitely sharp. 
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— 


Other uses of the photo-multiplier tube 


Apart from radio-spectrometry, a sensitive scintil- 
lation counter can be employed also for various other 
purposes associated with experiments involving 
radioactive substances, viz. the detection of indi- 
cators in tracer work (particularly in biology and 
medicine), the examination of welded seams with 
the aid of radioactive radiation, geological investiga- 
tions based on observations of such radiation, and 
so on. 

The high sensitivity of the counter is important 
also in that it enables such a tube to be employed 
as a means of measuring very small quantities of 
light, as in astronomy, or in connection with a 
spectrograph having a very high resolving power. 
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In fact, the scintillation counter and associated 
photo-multiplier can be employed wherever a high 
degree of light-sensitivity and quantitative measure- 
ment of intensity are required. 


Summary. A scintillating crystal in conjunction with a photo- 
multiplier tube for investigations of radioactive radiations 
gives a measuring system of high sensitivity (low noise-level), 
short dead-time (10—7 sec.), and of linear response (output- 
current pulse o¢ to energy of incident particle). These 
properties of the system make it suitable for the spectrometry 
of ionizing radiations. Some of the properties necessary in the 
scintillating material are described, and the superiority of the 
photo-multiplier tube to the combination photo-electric cell 
+ amplifier as regards noise-characteristics is explained. A 
photo-multiplier tube developed by the Laboratoires 
d’Electronique et de Physique appliquées”’ in Paris is described. 
This tube contains ten stages of secondary emission, giving an 
overall current-amplification of 500000 times. To preserve 
a low inherent noise-level, it is necessary to reduce all parasitic 
emission (e.g. thermionic or “cold’’ emission) in the tube as 
far as possible. It is shown that the resolving time of the 
scintillation counter-photo-multiplier combination is gover- 
ned mainly by the time-constants of the scintillating crystal 
and the output circuit. The construction of the tube is described: 
it is shown that the tube is suitable for spectrometry. 
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ENTROPY IN SCIENCE AND TECHNOLOGY 
I. THE CONCEPT OF ENTROPY 


by @ieaDatast: 536.75 


The author, who is not unknown to our readers by virtue of his many articles on metallurgy, 
has made a thorough study of the concept of entropy and written a widely-read book on this 
subject. It is his intention, in a series of articles in this Review, to consider the significance of 
the concept of entropy in various fields of science and technology. Owing to the abstract way in 
which entropy is dealt with in classical thermodynamics, it is a less familiar concept than 
that of energy, though no less important. The author devotes particular attention to the statistical 
background of entropy, in an attempt to make it as readily understandable as the concept of 
energy. It is surprising how many widely divergent problems may be resolved with the aid 
of the concept of entropy. A general survey like this may contribute in some measure towards 
a general synthesis, all the more urgently needed as specialization in the exact sciences becomes 


more acute. 


The present article, the first of the series, is devoted to the essential meaning of entropy. 
The subsequent articles will be mainly concerned with examples of the application of the 


entropy concept. 


Introduction 


All phenomena in nature are subject to the laws 
of thermodynamics. These well-established laws 
enable us not only to calculate the maximum poss- 
ible efficiency of engines and to predict the direction 
and the maximum yield of chemical reactions, but 
they are also of fundamental importance in almost 
every field of science and technology. 

The first and second laws may be formulated in 
many different ways. At first sight the various for- 
mulations seem to bear little or no relation to each 
other, but essentially they are equivalent. When 
applied to an isolated system, i.e. a system without 
interaction with the outside world, they may, for 
example be worded as: 

‘First law: The total energy of an isolated system 
is constant. 

Second law: The entropy of an isolated system tends 
towards a maximum. 


The first law of thermodynamics 


The first law of thermodynamics, which is some- 
times called the law of conservation of energy, 
finds its origin in the empirical knowledge that heat 
and mechanical work are both forms of energy and 
that the one may be converted into the other. 

If a system is not isolated (e.g. a quantity of gas 
in a cylinder under a movable piston), then an 
amount of heat dQ may be added to it, or an amount 
of work dW may be done on it. According to the 
first law the whole of this added energy must appear 
_ in the system as an increase in its internal energy U, 
1.€:, 


dU = dQ+4W. NAgLy 


From the point of view of classical thermodyna- 
mics — i.e. independent of the state of agregation 
of matter or the precise physical form of the energy 
— the concept of internal energy gains a significance 
only by virtue of this mathematical definition. If 
the atomic state of agregation of matter is consi- 
dered, the internal energy of a system is the sum of 
the kinetic and potential energies of all the elemen- 
tary particles of which the system consists. The 
internal energy depends solely on the thermodynamic 
state of the system, i.e. on its pressure, temperature, 
volume, chemical composition, structure, etc. The 
history of the system does not influence its value. 

For this reason U is called a thermodynamic 
function. W and Q are not thermodynamic functions, 
since according to equation (I, 1) the same change 
in internal energy dU can be brought about either 
by supplying only heat, or by only doing work on 
the system. It is therefore possible to speak of the 
internal energy of a system, but not of the quantity 
of work or the quantity of heat of that system. 
In other words: dW and dQ are only infinitesimal 
quantities of work and heat, and not differentials 
of thermodynamic functions. 


The second law of thermodynamics 


Although W is not a thermodynamic function 
and dW is not a differential, the latter can generally 
be expressed as the product of an intensive property 
of the system and the differential of an extensive 
property of the system. The meaning of these terms 
is given by the fact that a system in equilibrium 
can always be divided into two equal parts such 
that those thermodynamic properties which are 
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extensive (e.g. volume) are halved, while those which 
are intensive (e.g. pressure) remain unchanged. 
The work done on a gas by compressing it can, for 
example, be expressed as: 


dW = —padv, 


in which p, the pressure of the gas is the intensive 
property of the system, and V, its volume the exten- 
sive property. In so far as p refers to the internal 
pressure, this formula applies only to a reversible 
change of volume, i.e. such a change that the exter- 
nal pressure always differs only infinitesimally from 
the internal pressure. Analogously, dQ may be 


expressed as: dQ = Tas, 


in which T, the temperature of the system, is the 
intensive property and S, the entropy, the extensive 
property. This formula, too, applies only if the heat 
is supplied in a reversible manner, i.e. supplied 
from a source whose temperature is only infinitesi- 


mally higher than that of the system. We may thus 


dQrey 
ye . 


This formula, apart from providing the definition 


write: 


ds = . (82) 


of the thermodynamic function S (and, strictly 
speaking, also of the absolute temperature T), also 
represents the mathematical formulation of the 
second law of thermodynamics. 

For readers without a previous knowledge of 
thermodynamics the foregoing will still leave the 
concept of entropy completely obscure. One also 
feels the lack of any connection between the given 
formulation and the above-mentioned tendency 
of the entropy towards a maximum. To bring some 
light into this darkness it may be useful to leave 
the path of pure thermodynamics and to consider 
the atomic aspect of the matter. Only after ex- 
plaining the atomic aspect of the concept of entropy, 
shall we return to the thermodynamical definition 
(I, 2), and demonstrate how this should be modified 
in order to express the tendency of entropy to- 
wards a maximum. 


Irreversible processes 


The second law of thermodynamics finds its 
origin in the experience that all spontaneously 
occurring processes take place in one direction only 
and are, therefore, irreversible. 

If the previously considered isolated system 


consisted, say, of a vessel containing neon and he- 


lium under such conditions that they may be con- 
sidered perfect gases, then the first law would per- 
mit any imaginable distribution of the gas molecules 
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in the available space: pressure and temperature 
differences may exist between different parts of the 
mixture without affecting in any way the internal 
energy of the system. Experience tells us, however, 
that irrespective of the initial state, the ultimate 
state of the system left to itself (the “equilibrium 
state’’) is always one in which the gases have mixed 
homogeneously and in which pressure and temper- 
ature are uniform. After reaching this ultimate state, 
the system will neve spontaneously return to one 
of its previous states. 

How can we explain this tendency towards homo- 
geneous mixing? May we say that the helium and 
the neon atoms have a certain “preference” for 
homogeneous distribution and, if so, on what is 
this preference founded ? 

In order to deal with these questions, let us imagine 
that a small number of white and red billiard balls 
(e.g. 50 + 50) are substituted for the helium and 
neon atoms. As the initial state we select a given, 
regular distribution of the balls in the vessel ( fig.1), 
and the thermal motion of the atoms is simulated by 


Fig. 1. A regular distribution of white and red billiard balls. 


thoroughly shaking the vessel for some time. We 
know from experience that after shaking, the 
orderly initial state will never be found again; a 
random distribution of the white and red balls will 
always be found. Yet we must take it as axiomatic 
that each separate random distribution is just as 
probable or improbable as the initial distribution. 
In actual fact, however, and here we hit the core 
of the problem, there are so many more possible 
random distributions than regular ones that vir- 
tually only random distributions will be found 
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after shaking. This point may be illustrated with 


the aid of a simple calculation. 


A statistical calculation 


If all 100 balls could be distinguished from one 
another (e.g. because they were numbered), there 
would. be 100 x 99 x 98 x ....x 2 X }= 100! 
different ways of arranging them in the 100 available 
spaces in the vessel. 

Since, however, the 50 red balls are, in fact, 
indistinguishable (not numbered), any interchan- 
ging of 2 red balls leaves the distribution unaltered, 
so that the number of possible arrangements that 
can be distinguished by eye (m) is far smaller. 
This still 
Taking into account the fact that the 50 white 
balls are also mutually indistinguishable, it is given 


by ') 


number, nevertheless, is enormous. 


100! 


— —_"_ — 0.08 x 2 = 1.01 x 10”. 
ee OTE! 8 


The chosen number of balls is too small for 
applying the roughest approximation of Stirling’s 
InN!» Nin N—N ere OFS | 


formula ”) 


since then the result for m would be 
Tit ah 20 oe L008 


a value which is too large by more than a factor of 12. 
It will be readily appreciated that the number of 21 
includes not only all possible distributions of 50 
white and 50 red balls, but also all distributions of 
a total of 100 balls irrespective of the ratio of red 
to white, i.e. all distributions of 49 white and 51 
red balls, of 48 white and 52 red balls, etc. Without 
the condition of the 50/50 ratio, we have the follow- 
ing situation. The first place to be occupied by a 
ball provides a choice of two possibilities (white or 
red); for occupying two places, each of the two 
colours may be combined with each of the two 
colours, so that here one has 2? possibilities (w-w, 
w-r, r-w and r-r), and so on. 

According to the result m = 10°, an average of 
10° shakings are necessary to obtain one given 
distribution of the balls. If each shaking action is 
made to last one minute, this means that on the 
average one would have to shake for 10? years in 
order to obtain one given distribution. This con- 
stitutes a sufficient explanation of the empirical 


) Exact values of N! for integers up to N = 100 are given 
in Barlow’s Tables, E. and F. N. Spon, London, Fairly 
exact values are given by Stirling’s formula in the ap- 


proximation N! = —\- V2nN. 
e 


*) Throughout this article we shall use In in place of the 
more cumbersome loge, to denote natural logarithms. 
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knowledge that the chance of obtaining by shaking a 
perfectly regular distribution, e.g. an arrangement 
of the white and the red balls in separate layeis 
or one in which each white ball is exclusively sur- 
rounded by red ones and vice versa, is practically 
nil in view of the comparatively small number of 
regular arrangements compared to the number g 
of the irregular distributions (g ~ m). 

The foregoing considerations were concerned with 
the small number of 100 balls. Returning to our 
gas mixture and assuming that it consists of 0.5 
gram-atom of Ne and 0.5 gram-atom of He, we 
arrive at a total number N, = 0.6 x 1074 atoms. 
A calculation analogous to the one carried out for 
100 “atoms’’, now gives for m the value 


) (1/2 No) !4? 
The number 40 in the exponent of 2 is negligible 


with respect to Ny) = 6x 103; moreover, the value 
of Avogadro’s number is known to so few decimals 


4 2 23)_12 
m as" 9No-40 ~ 10° x 105) f 


that from a physical point of view there is no 
point in distinguishing between N, and N, — 40. 
We may thus write: 


m ww 2No 


and this is, according to the foregoing, nothing 
but the total number of distributions of N, atoms 
of two types. In other words: at large values of N 
and with the ratio 1:1 there occurs so sharp a 
maximum in the curve of the number of distribu- 
tions as a function of the mixing ratio that there is 
practically no difference whether we take into 
account the number belonging to this maximum 
or the total number of distributions. It is of some 
importance that the approximation (I, 3) also gives 
the result m = 2°, Hence this formula is a per- 
fectly satisfactory approximation when applied to 
the numbers of atoms normally dealt with in 
practice. 

Such a staggering number as 2” is, of course, 
quite beyond human comprehension; the number 
of orderly distributions of the atoms is negligibly 
small when compared to this total number m. 


Macro and micro-states 


As already stated, we are bound to assume that 
with our shaking experiment all m = 1029 distribu- 
tions of the balls (all “micro-states”’) possess an equal 
probability w, 1 


w=—-—_. 
m 


in eae a 


The various micro states may be assembled into 
groups (“macro-states’’) each of which is character- 
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ized by a certain extent of disorder. A regular 
arrangement as shown in fig. 1, is only possible in 
one way, although one might regard it as being 
possible in two ways (horizontal layers w-r-w-r or 
r-w-r-w). The same applies to a three-dimensional 
checkerboard pattern in which each red ball has 
only white and each white ball has only red balls 
as its nearest neighbours. An “imperfection” may 
be introduced into any orderly distribution by 
interchanging a red and a white ball. Since the 
position of each of the 50 white balls can be inter- 
changed with that of each of the 50 red balls, this 
particular macro-state with one imperfection com- 
prises 2500, micro-states. If the number of imper- 
fections is increased to two or more, then we 
obtain macrostates comprising considerably more 
micro-states. The probability w of each macro- 
state is determined by the number of micro-states 
or a@ priort equally-probable 


inherent to this state: 


arrangements g 


w= —. 


_ (15) 


The significance of formula (I, 5) may be illustrated by 
a very simple example. When throwing dice, the probability 


of the macro-state“even ”, comprising the three micro-states 


2, 4 and 6, for a single die, is given by 
3 il 
w (even) = ee 
obviously with the provision that all 6 faces of the die have an 
equal probability of coming on top, i.e. that the die is properly 
made. 


Returning to the atomic case, the various atom 
configurations or micro-states may be combined in 
groups, again designated macro-states, the pro- 
bability of each being determined by formula (I, 5). 
The choice of the groups is dependent upon the 
properties of the system under consideration. 

If the foregoing is applied to our mixture of 
ideal gases, it will be clear that at a given moment 
it is in a given micro-state. Due to the motion of 
the gas molecules this micro-state is continuously 
changing. It is justifiable to assume that in the 
course of time the system passes through all spatial 
distributions (micro-states) that are possible within 
the scope of the available volume. There is, how- 
ever, one particular MACRO-state 3), in which the 
gases, for as far as can be ascertained by macro- 


3) As implied above, a macro-state is taken, in this article, 
to mean any group of micro-states. Sometimes, however, 
it is used to describe a thermodynamical state which is 
characterized by a small number of macroscopic quantities, 
such as temperature, pressure, volume etc. Such MACRO- 
states, which as a rule comprise many macro-states, will 
henceforth be designated by MACRO in capitals. The 
MACRO-states can be physically distinguished; the macro- 
states generally cannot. 
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scopic measuring equipment, are homogeneously 
mixed and of uniform density. This MACRO-state 
comprises such an enormously greater number of 
micro-states than all other macrostates put together 
that after any interval, even if short, it is always 
found to be present to the exclusion of all the other 
macro-states. This is called the state of equilibrium, 
because the system always returns to it of its-Own 
accord, irrespective of its initial distribution. This 
state of equilibrium is also the state of maximum 
entropy. 


Fluctuation phenomena 


The answer to the questions put under the heading 
Irreversible processes, concerning the tendency to- 
wards forming a homogeneous mixture, should 
apparently be that the reason for this spontaneously 
occurring state is just the fact that there exists no 
preference for any particular micro-state. In the 
state of equilibrium the system passes continuously 
from one micro-state into another but as a rule they 
are macroscopically indistinguishable. Only under 
very special conditions can fluctuations around 
the state of maximum entropy be observable. 

The blue colour of the clear sky, for instance, 
reveals the occurrence of local fluctuations in the 
density of the air, whilst also the well-known 
Brownian movement in a colloidal suspension is due 
to the irregular thermal agitation of the mole- 
cules of the medium. 

A similar fluctuation phenomenon occurs in a 
conductor due to the thermal agitation of the 
electrons. Thus extremely small alternating voltages 
arise spontaneously between the ends of a resistor. 
The arithmetic mean of this voltage averaged over 
a considerable period of time is of course zero, but 
this is not the case with its r.m.s. value. This pheno- 
menon is termed thermal noise, because after 
sufficient amplification these alternating voltages 
can be heard as noise through a loudspeaker. 
These spontaneous voltage fluctuations may be 
resolved into components with various frequencies. 
In 1928 Nyquist demonstrated that, with the 
exception of the very high frequencies, all fre- 
quencies are uniformly represented in the fluctuation 
spectrum. He further showed that the effect of 
the fluctuations in an electrical network can be 
computed by assuming in series with each resistor 
an imaginary electromotive force £ such that P= 
4kTrAv. In this, k is Boltzmann’s constant, T the 
absolute temperature, r the resistance and Ay the 
frequency range (bandwidth) occurring under the 
given conditions. For a network consisting of a 
resistance r and a parallel capacitance C, this relat- 
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ion gives a mean square voltage V2 =kT/C. This 
is in accordance with the theorem of equipartition 
of.energy:)4/,C Vea te 

On the basis of the above-mentioned equivalent 
circuit it can readily be demonstrated that the 
maximum power of the noise arising across a resistor 
is kTAy. This applies not only to a normal resistor 
but also to an aerial or a cable in which no end 
reflections occur. A noise voltage is, therefore 
superimposed upon every signal voltage. The fluc- 
tuating character of this noise renders it impossible 
to observe the finer details of the signal voltage; 
it puts a fundamental restriction on the amount of 
“information” that may be transmitted by electric 
signals in given circumstances. We shall return to 
this in the last article of this series. 


Quanium states 


In the foregoing we have mainly concerned our- 
selves with the number of micro-states in relation 
to the mixing of two kinds of particles. Of even 
greater importance are the micro-states corres- 
ponding to the thermal energies of the particles. 

Consider a system of identical atoms, in the form 
of a crystal, or say, as a gas confined to a certain volu- 
me. In the crystal each particle is allotted a volume 
of the order of 10-* cm? in which it can execute its 
thermal oscillations; in the gas, however, each par- 
ticle can move throughout the entire gas volume of, 
e.g., 10? or 10% cm®. 

Modern physics teaches us that a particle con- 
fined within a restricted space, can only exist in 
certain, discrete quantum states. Corresponding 
to each quantum state are a specific energy level 
of the particle, and a specific wave function, the 
latter being related to the probability of finding the 
relevant particle in the different regions of the 
available space. One of the fundamental problems 
of statistical thermodynamics is that of determining 
the distribution of a system of N identical particles 
among the various quantum states of the system 
at a given value U of the total energy. The determ- 
ination is based on the hypothesis that all micro- 
states, by analogy with the example of the billiard 
balls, have an equal a priori probability. This 
hypothesis has been confirmed by the successes of 
statistical thermodynamics. 

In order to demonstrate the various distribution 
possibilities among the available quantum states 
we shall consider a greatly simplified model of a 
solid, known as an Einstein solid, in which the 
atoms execute their thermal vibrations virtually 
independently of one another. Since a certain inter- 
action is necessary to attain the thermal equilibrium, 
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there is assumed to exist a negligibly small inter- 
atomic coupling, enabling the atoms to exchange 
their energies. 

For the present we shall overlook the fact that 
an atom in a solid has three vibrational degrees of 
freedom. In our model this number is reduced to 
one, i.e. we are concerned with an idealized solid 
in which the atoms behave as linear harmonic 
oscillators vibrating about fixed centres. These 
centres are arranged in space according to the points 
of a crystal lattice. According to quantum mechanics 
the energy levels of these localized oscillators are 
spaced equally from one another, i.e. in addition 
to their lowest energy &) they may take up amounts 
of energy ¢, = hy, ¢,= 2 hy, etc., where » represents 
the frequency of their fundamental vibration and 
h is Planck’s constant. Each energy level corre- 
sponds to one given quantum state of a particle. 

We shall first consider a very small number of 
oscillators viz. 25, represented by one of the four 
horizontal layers of balls of one colour in fig. 1. At 
a temperature of absolute zero, all oscillators are 
in the state of energy & , i.e. at the lowest energy 
level. When the temperature is raised by supplying 
energy to the system, particles are raised from the 
ground state to higher quantum states, i.e. to higher 
energy levels. The essential point in our consider- 
ation is again the number of different ways in which 
the energy can be distributed. If we supply a total 
of 25 energy quanta hy to the 25 oscillators, either 
by applying heat dQ or by exerting work dW upon 
the system, we wish to know the number of possible 
ways in which the energy dU = 25 hy can be distri- 
buted among the oscillators. As with the shaking 
experiment we shall ignore for the moment the fact 
that the system under consideration is too small 
for a profitable application of statistical-thermo- 
dynamics. For the time being our aim is only to 
demonstrate the method of counting. If each of the 
oscillators receives one quantum, then the inter- 
changing of two atoms does not create a new state. 
In other words, the uniform distribution of the 
energy can only be realized in one way; it represents 
one micro-state and will, consequently, occur very 
rarely. 

A less regular distribution shows an entirely 
different picture. An example of a distribution of 
this type is schematically represented in fig. 2. The 
six oscillators in the positions C3, C4, C5, D1, D2, 
D3 have each absorbed one quantum, the four 
oscillators in D4, D5, E1, E2 each two quanta, the 
two oscillators in E3, E4 each three quanta and 
the oscillator in E5 five quanta. The remaining 
twelve oscillators have not taken up any energy. 
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Because each oscillator has its own position in the 
“lattice”, any interchanging of two oscillators 
having different quantum numbers will create a new 
micro-state. (This is not the case in a gas, in which 
each particle has access to the whole gas volume.) 
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Fig. 2. Schematic representation of a certain distribution of 
25 energy quanta among 25 oscillators. Each small square 
corresponds to one oscillator. The number in it shows the 
number of quanta per oscillator. The numbers shown can be 
distributed among the squares in approximately 1012 different 
arrangements; each arrangement corresponds to one micro- 
state. The total number of possible distributions of 25 quanta 
among 205 oscillators is substantially greater, viz. approxi- 
mately 6 x 10%. 


The number of distributions in which any six 
oscillators have absorbed one quantum each, any 
four oscillators two each, any two oscillators three 
each, and any one oscillator five quanta is found 
from 
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§ 
Instead of speaking of a distribution of 25 quanta 
among 25 oscillators as above, we may just as well 
state that the 25 oscillators have been distributed 
among the available energy levels in such a way 
that 12 are at the lowest level, 6 at level 1, etc. We 
thus obtain the diagram in fig. 3. In view of the 
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Fig. 3. Macro-state comprising the 10! micro-states, one of 
which is shown in fig. 2. 


fact that the spatial positions Al, A2, etc. of the 
oscillators cannot be derived from this diagram, 
this schematic representation corresponds to a 
macro-state comprising the 10” micro-states dis- 
cussed above, one of which was shown in fig. 2. 


The most probable macro-state and the total number 


of micro-states 


The- general expression for the number of micro- 


states forming a _ given macro-state of our 
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idealized solid is given, according to the foregoing, 


by 
MR en ey (ALCS) 


where N is the number of oscillators, and the 
numbers g-7,, Ny, .-. . represent the populations 


of the corresponding energy levels, i.e. the number 


of oscillators with energies &, €, & ... (ef. fig. 3, 
in which ny = 12, n, = 6, etc.). Only those sets 
of populations are allowed which satisfy the 
auxiliary conditions: 
3) (nee he (Ey) 
Pu ers Ue (3) 


in which U = qhvis the total energy supplied over 
and above the zero-point energy (q = number of 
quanta absorbed). 

The most probable macro-state, according to (I, 
5), is the one containing the largest number of 
micro-states. Without entering into the calculation, 
we mention the fact that this maximum in g occurs 
(observing the auxiliary conditions (I, 7 and I, 8)), 
if the populations ny, ny, n, ... form a descending 
geometrical series. For the numerical example under 
consideration, fig. 3 shows one of the most probable 
macro-states. (The most probable distribution for 
N = 25, q = 25, has the set of populations: ny = 
ll, n, = 7, ng =4, nz = 2, ny = 1.) Different macro- 
states are characterized by different nj;-series. The 
total number of micro-states m is determined by 
the sum of all expressions of the form (I, 6) which 
satisfy the auxiliary conditions (I, 7) and (I, 8). 
In our example, m may also be evaluated in a far 
simpler way by directly counting the number of 
micro-states which form the MACRO-state defined 
by the number of oscillators N and the total energy 
U (= qhv). We may imagine that the q quanta and 
N — 1 of the N oscillators are arranged in arbitrary 
order along a straight line. At the right-hand end 
we place the last, the Nth oscillator. If the quanta 
between two oscillators are considered as belonging 
to the oscillator to the right, then each sequence 
represents a complete distribution, since the last 
position is always occupied by an oscillator. 

The total number of micro-states is thus given 
by the total number of different arrangements 
possible on a straight line. Noting that the oscillator 
last placed in position has no ambiguity of location 
and that the interchange of two oscillators or of two 
quanta leaves the sequence unaltered, the total 
number of possible arrangements is given by: 


(q+ N—1)! 
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If this formula is applied to our numerical 
example, we find: 


25 +24)! 
RNs if 


With the two problems considered above, viz. 
the mixing of two kinds of particles and the dis- 
tribution of quanta among localized oscillators it 
is permissible, if the number of particles or the num- 
ber of quanta and oscillators is very large, to sub- 
stitute the total number of micro-states for the num- 
ber of micro-states of the most probable arrange- 
ment. This is justifiable for the same reason that 
it was permissible in the former example to replace 
oie 4 by QNo notwithstanding the fact that the 
latter is 2° times greater. This reasoning is further 
reinforced by the fact — to be explained below — 
that we are not so much interested in g and m them- 
selves as in the natural logarithms of these quantities, 
and while gmax/m becomes smaller and smaller with 
an increasing number of particles, the value of 
(In gmax)/(Inm) approaches closer and closer to unity. 

We shall demonstrate this by calculating these 
ratios for three different sets of populations of the 
three lowest levels, viz. for the following numbers 
of oscillators N and quanta q: 


erat pepe 
N | 11 | 1110 | 1100 
qs Siegel ta120 tito 1200 


The most probable distributions for these three 
cases are given by the populations: 


ie Bea eae 
Ny | 100 1000 10000 
ny 10 100 1000 
Ny | 1 10 100 


With the aid of (I, 6) and (I, 9), and using more 
accurate factorials*) than could be obtained via 
(I, 3), we can now obtain: 


N | §max | m | &max/m | (In gmax)/(In m) 
Is io.2 5 1045 13x10 | 4x10-1 0.975 
PE LOS SLO 10168 2.5 >< 10169 | 4x 10-2 0.992 
0.996 


11100 | 3.6 10169 | 8.7 101795 | 4 10-7 


Hence we see that as the number of particles 
increases, the value of (In gmax)/In m) approaches 
unity. Real crystals usually contain at least 102, 
and in most cases from 107! to 1024 atoms. For such 


4) Here we use the more accurate approximation n! = 
nn 
—) 271. 
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numbers of oscillators m is enormously greater than 
2max, Whilst at the same time the difference between 


In gmax and In m is negligible. 


The statistical (atomic) definition of entropy 


The state of greater entropy towards which a 
system strives according to the second law, is, as 
has been demonstrated in the foregoing, the MACRO 
state with the largest number of equally probable 
arrangements, i.e. the most probable state. This 
brings us to the statistical definition of the concept 
of entropy: 


S=klng, 5 ea 


in which g is the number of micro-states from 
formula (I, 5) and k is Boltzmann’s constant, 
derived from 


k=.RIN, eerie e! 


(R = gas constant; N, = Avogadro’s number). 

As explained in detail above, one may in many 
cases substitute the total number of micro states 
m for the number of micro-states g of the most 
probable arrangement. One then obtains the alter- 
native statistical definition of S: 


Sie inn «ator ee 


The statistical evaluation of the entropy thus 
amounts to counting numbers of micro-states. As 
an example of such a procedure we shall calculate 
the increase in entropy which accompanies iso- 
thermal expansion of a perfect gas. If we attempted 
this starting from the quantum states of the mole- 
cules, the derivation would become rather complic- 
ated, due to the fact that in quantum mechanics each 
micro-state bears a relation both to the energy and 
to the distribution of the molecules in space (see 
above), and the intervals between energy levels 
will decrease due to the enlargement of the volume. 
In the case in question it is permissible and more 
convenient to use the classical method of consider- 
ing separately the number of possible molecular 
distributions in the available space and their dis- 
tribution among the various velocities. So far as 
the velocity distribution is concerned, the entropy 
does not change on isothermal expansion. The in- 
crease in entropy to be calculated is entirely that 
due to the larger space that becomes available to 
the molecules. Let us imagine the volume contain- 
ing the gas to be divided into a very large number of 
unit cubes, so small that the large majority of the 
cubes are empty, whilst a small fraction of them 
contain one gas molecule each. Due to the thermal 
motion, the arrangement of occupied and unoccupied 
cubes is continuously changing. If there are z cubes 
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and n molecules, then there are n occupied and 
(z—n) unoccupied cubes. Because the mutual inter- 
changing of two empty cubes as well as that of 
two occupied cubes leaves the distribution un- 


altered, the total number of micro-states is given 
By 2! 
Te ae eg gee cpr Lek) 


n! (z—n)!’ 
or, using formula (I, 3): 
In m = 2 Inz —n Inn — (z—n) In (z—n). 


Using the approximation In (1 — n/z) = —n/z 
for n/z < 1, we arrive at: 


bem nan 7. 
n 


aed) 


If the volume is increased by a factor r = V,/V,, 
then rz has to be substituted for z in the formula. 
The increase of the entropy is thus, according to 
(I, 12): | 

TZ Zz 

AS = klnm, —k lnm, = kn In —— kn In — 

n n 


= knilor = kn in 5 


Vs 


For 1 gram-molecule of gas, upon reference to 
(I, 11), we arrive at: 


V, 
AS = RIn—. 
Ue 


1 


. (1,15) 


The two definitions of entropy 
With the formulae (I, 2) and (I, 10) or (I, 12) we 


have given two definitions of entropy that seem 
at first sight unrelated and even appear to lead to 
contradictory conclusions. If, for instance, we 
double the volume of a gram-molecule of a perfect 
gas by allowing the vessel in which it is contained 
to communicate with an equally large evacuated 
vessel, then the entropy will increase according 
to (I, 15), although there is no flow of heat into or 
out of the system. At first sight one might be tempt- 
ed to think that application of formula (I, 2) would 
lead to an entropy change of zero. 

On further consideration, however, 
that formula (I, 2) cannot be simply applied to this 
typically irreversible process. This formula applies 
only to reversible processes, and in order to calculate 
the change in entropy, a reversible process must 
be found that leads from an identical initial state 
to the same final state. Such a process is as follows. 
The gas is contained in a cylinder having a piston 
that can move without any friction. In constant 
temperature surroundings, the expansion is made 
to take place in such a way that the back pressure 


one sees 
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on the piston is at all times an infinitesimally 
small fraction less than the gas pressure. In these 
circumstances the process can be regarded as being 
reversible, because the system is in equilibrium in 
any stage of the process, so that an infinitesimally 
small change in the back pressure is sufficient to 
reverse the process. During the reversible expansion 
the perfect gas performs work on its surroundings, 


given by ua Sanh, 


(Work done on a system and heat applied to a sys- 
tem are designated as positive). Since the internal 
energy of the gas is not changed by the isothermal 
expansion, according to (I, 1) a quantity of heat will 
be absorbed from the surroundings, given by 


f dQ = + i} pav. 
According to (I, 2) the change in entropy is given by 
V, 


2 V, V; 
“dQ “paV dV 
AS ey fp pee ee OR ee 
| ig / we i [ie # 
V; V;, V, 
V~, 
Le., AS = Rn—., 
t 


which agrees with the result (I, 15). 

The same change of entropy is bound to occur 
with the irreversible expansion from V, to V,, in 
view of the fact that S is a thermodynamic function. 
During this irreversible change, however, no heat 
is exchanged with the surroundings, so that 

dQ 

dS > T’ 
and this has general application to all irreversible 
processes. The second law of thermodynamics can, 
therefore, be expressed in a form more general than 
(le ajeas: dQ 

dS =—.,. aL 

T 

in which the symbol = applies to a reversible 
change of state, and the symbol > applies to an 
irreversible change. For an isolated system dQ = 0 
is always valid, and hence, according to (I, 2), 
dS > 0. Formula (I, 2’), is therefore the mathe- 
matical formulation of the written form of the 
second law as in the introduction, viz. the entropy 
of an isolated system strives towards a maximum. 
It was the analogy between the classical thermo- 
dynamical picture of an isolated system striving 
towards maximum entropy, and the atomic picture 
of the system striving towards the state with the 
maximum number of equally probable arrange- 
ments g, that led, in the 19th century to the ass- 
umption (Boltzmann) that a relationship should 
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exist between S and g. This relationship could not 
be otherwise than of a logarithmic nature, since 
the entropy is an additive variable, whereas the 
number of equally probable arrangements is a 
multiplicative variable, as we have already seen. 
That S is an additive variable is a direct conclusion 
from the fact that the total amount of heat 
necessary in order to raise the temperature of the 
system A + B, in a reversible manner from T to 
T + dT, is the sum of the quantities of heat required 
to raise the temperatures of 4 and B separately to 
the same extent (cf. formula (I, 2)). The value of 
the proportionality constant k in (I, 10) and (I, 12) 
could then be directly derived from the application 
of this formula to a perfect gas, as described above. 


A different formula for the entropy 


According to formula (I, 6) the entropy of a 
system of JN oscillators with energy level populations 
n; can also be written as: 


S=kmng=k[NlnN—2n;Innj]. 
Since N = 2 nj; we may write: 

S = —k Jn; In (n;/N) 
and for the entropy per oscillator: 


s=—k2p, ln p;, . sanee( CLO) 


in which the fractions pj; = n;/N represent the 
fractions of the total number of oscillators at dif- 
ferent energy levels i. 

In some books on thermodynamics the last 
formula is chosen as the statistical definition of 
entropy. Outside the field of statistical thermody- 
namics an entropy formula similar to (I, 16) is used 
in information theory. The values p; then relate to 
the probability of occurrence of certain possible 
events. We shall return to this subject in the last 
article (IV) of this series. 


Justification of the first and second laws 


Up to now we have paid hardly any attention to 
the historical path leading to the mathematical 
statements 


dU=dQ+aW, 
TdS = dQ 


(I,1) 
= (L2/) 


and 


of the first and second laws. From a logical point 
of view it is perhaps most satisfactory to regard 
these relationships as postulates, and find their 
justification in the fact that all conclusions derived 
from them are confirmed by experiment. Indeed, 
if a single experiment were to be devised whose re- 
sults contradicted one of the two laws, the whole 


admirable structure of thermodynamics would 
collapse. The concept of absolute temperature T 
introduced in (I, 2’) finds its justification in an 
analogous way: it proved to be identical to the 
temperature scale derived experimentally by meas- 
urement with a gas thermometer. 

The statistical definitions (I, 10) and (I, 12) of 
entropy are justified by the fact that in all cases 
studied up to now they are found to lead to the 
same results as those derived from the thermodyn- 
amical definition (I, 2). This has been demonstrat- 
ed with one example, viz. that of a perfect gas 
expanded isothermally from V, to Vy. 


Free energy 


In order to enlarge on the significance of the 
concept of entropy we have in the mixing experi- 
ments so far considered only the perfect gas state, 
i.e. a state of matter in which there is negligible 
interaction between the atoms. In this condition 
the state of equilibrium always corresponds to a 
disordered distribution of the various types of atoms. 
This is not necessarily the case if forces of attraction 
are present between the atoms, or if the distribu- 
tion of the atoms is influenced by external forces 
or fields. If, in our case of the 100 billiard balls, 
the 50 white balls suffered strong mutual attraction 
(e.g. by magnets incorporated inside each of the 
balls), then after a shaking experiment one would, 
in most cases, find a distribution such that the 
system is separated into two phases, one containing 
almost exclusively white balls and the other almost 
exclusively red balls. In this case the disordered 
distribution of the balls corresponds to a state 
of greater energy. The striving towards maximum 
entropy can, therefore, in certain cases be apparently 
counteracted by another tendency, viz. the striving 
towards a minimum energy. To formulate a quanti- 
tative relationship, the formulae (I, 1) and (I, 2’) 
are combined to give 


dU — TdS < dW, a, eh A 
or, for a constant value of T: 
d(U — TS), < dW. cis UL tae 


If in the course of the change of state not only 
the temperature remains constant, but also the 
volume, (and any other parameter whose change 
would lead to the performance of external work), 
then dW =0, so that (I, 17a) for an irreversible 
process can be written as 


d(Uie~ TS)\ryce lc 2 ee 


Hence, where we are concerned not with an 
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isolated system, but with a system in which the 
temperature T and the volume V are kept constant, 
then the tendency towards maximum entropy is 
replaced by the tendency of the function (U— TS) 
towards a minimum. This thermodynamic function 
is called the Helmholtz free energy or the free energy 
at constant volume, and is indicated by the symbol F. 

If instead of temperature and volume, temperature 
and pressure are kept constant, then even if the pro- 
cess is irreversible, work is done by the system, viz. 
the expansion work — dW = pdV (p representing 
not the internal, but the external pressure). Refer- 
ring back to (I, 17a), it will be seen at once that here 
another thermodynamic function, viz. the function 
(U— TS + pV) tends towards a minimum. This 
function is called the Gibbs free energy, or alternati- 
vely the free energy at constant pressure, the free 
enthalpy, or the thermodynamic potential, and is 
usually indicated by the symbol G. We thus obtain 
for irreversible processes, depending on the auxiliary 
conditions, the two relations 


Glyn, 0 and (dG),, <0. . (1,19) 


Finally formula (I, 17) provides the following 
relations applying to an irreversible change of 
state: 


ue 0) and=(dS),,=0  . + (1,20) 


subject, again, to the condition that the volume and 
any other parameters whose change would lead to 
the performance of external work are kept constant. 

The relation (I, 18), viz. d(U — TS)7;, < 0 may 
be more or less arbitrarily divided into two parts, 
(dU); 7 <9 and (dS)7, > 0, which may be con- 
sidered as the mathematical statement of the two 
opposing tendencies mentioned above in this section. 
If only the latter (dS > 0) were operative, we 
would expect to find only those processes and 
reactions in nature in which the number of equally 
probable arrangements (the ‘‘disorder”’) increases. 
If, on the other hand, only the former (dU < 0) 
were operative, we would expect the occurrence of 
only those processes in which the opposite happens, 
i.e. whereby heat is liberated and, generally speaking, 
the degree of order increases. To determine the 
direction of a process it is therefore necessary to 
take into account the free energy which involves 
both thermodynamic functions U and S. From (I, 
18) it follows that at low temperatures, the tendency 
towards minimum energy and the corresponding 
order predominates, whereas at high temperatures 
(violent shaking of the billiard balls) the tendency 
towards maximum entropy and the corresponding 
disorder, prevails. 
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These conclusions are borne out in practice. At 
low temperatures the atoms and molecules, under 
the influence of their mutual attraction, form the 
ordered, periodic structures we know as crystals. 
At high temperatures, however, all matter is 
ultimately transformed into the chaotic state of a 
gas. The temperature range in which this entropy 
effect begins to predominate depends on the mag- 
nitude of the attractive forces between the gas 
particles. Even in the gases a certain degree of 
order is often present in the form of ordered 
groups of atoms (molecules). At high enough tempe- 
ratures, however, this order also disappears, and at 
the surface of the sun (temperature approximately 
6000 °C) matter only exists as a gaseous mixture 
of the atoms of the various elements. 

Even this is not complete chaos, however; as the 
temperature assumes higher and higher values 
even the order of the electron shells is finally com- 
pletely destroyed due to thermal ionization. At 
temperatures of a few million degrees the ionization 
is complete. This state in which the atoms are 
entirely split up into naked nuclei and electrons 
occurs in the interior of the sun and other stars. 
The only order remaining is that of the nuclei. A 
complete disintegration of these into protons and 
neutrons would require even higher temperatures 
than seem to occur in the hottest stars. 


Zero-point entropy 


After this brief digression into the field of ex- 
tremely high temperatures we shall now consider 
that of extremely low temperatures. According to 
Nernst’s heat theorem, the entropy of all systems 
in a stable or metastable equilibrium tends to zero 
on approaching the absolute zero of temperature. 
This means, according to (I, 10) or (I, 12) that at 
absolute zero a system in equilibrium can exist in 
only one micro-state. This situation can be readily 
interpreted in terms of the quantum-mechanical 
picture: all particles are in their lowest quantum 
state at absolute zero. In the diagram of fig. 3 the 
higher levels gradually empty as the temperature 
decreases, until ultimately all 25 particles are 
at level ¢). Nernst’s theorem would not apply, 
however, if the lowest energy level corresponded 
to two or more quantum states, in other words, if 
this level was “‘degenerate’’. In that case, the particles 
in the state of equilibrium would be uniformly 
distributed among these quantum states even at 
absolute zero. Nernst’s theorem thus necessarily 
includes the postulate of the non-degenerate state 
of the lowest energy level. The validity of this 
theorem can be tested experimentslly in many cases. 
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One of the classical examples is the transformation 
of white into grey tin. Grey tin is stable below 13 °C 
(286 °K), white tin is stable above this temperature. 
Owing to the fact that white tin can be supercooled 
right down to the lowest temperatures attainable 
in the laboratory, it has been possible to measure 
the specific heat cp) of both modifications at low 
temperatures. The validity of Nernst’s theorem can 
thus be tested as follows. From (I, 2) the entropy 
of white tin at 286 °K can be found in two ways: 
directly from the cp-measurements on white tin, and 
indirectly from the value of cp for grey tin and the 
change in entropy occurring with the transformation 
of grey into white tin. Both ways should lead to the 
same result, i.e. the following equation should be 


valid: 
286 ( )dT 286 ( )aT 0 
Fo Ae Ee aT ke 121 
i T Te + 286’ veo) 
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in which cp(w) and cp(g) represent the specific heat 
per gram-atom of white and grey tin respectively, 
and Q stands for the heat of transformation, i.e. 
the quantity of heat absorbed during the isothermal 
and reversible transition of 1 gram-atom of tin from 
the grey to the white modification. It has been found 
that (1, 21) is satisfied within the limits of experimen- 
tal accuracy. Unfortunately the heat of transforma- 
tion Q is not known with sufficient accuracy to 
attach very much value to this agreement. More- 
over, even if complete agreement were established 
this would only prove that the difference in entropy 
between the two modifications at 0 °K is equal to 
zero. The heat theorem is therefore often worded 
in a somewhat more cautious form, e.g.: at zero 
absolute temperature all entropy differences between 
the states of a system in internal equilibrium 
vanish. This formulation has the same significance 
in practice as that which states that the separate 
entropy values approach zero, for one can now 
justifiably define the zero point entropy of all 
substances in stable or metastable equilibrium, to 
have the value zero. If, for example, in a chemical 
reaction of the type A + B= AB, the entropy 
change is zero at 0 °K, then it is logical to assign 
to A and B as well as AB a zero-point entropy of 
zero. For the energy, this is not possible, as the 
extrapolations to T= 0 clearly demonstrate that 
there is no question of the heat of reaction disap- 
pearing at zero temperature. 

Stronger evidence for the validity of Nernst’s 
theorem is derived from measurements on gases. 
With the aid of the statistical thermodynamical 


. : expression S = k In m (or S = k In g) the entropy 
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of many gases can be evaluated, using information 
on their molecular rotational and vibrational states 
derived from their spectra. 

On the other hand, assuming the validity of 
Nernst’s theorem, the gas entropy may also be 
calculated with the aid of the classical formula 
dS = dQ;e,/T, employing existing data on the 
specific heats ¢ of these substances in the solid, 
liquid and gaseous states and that on heats of 
transformation, heats of fusion, and heats of 
evaporation. The entropy of a substance in the 
gaseous state at temperature Ts assuming no 
transformations occur in the solid state, can be 


written as: 


Ty Q Te 
* Csolid f liq. 
sS= dT 4 dT + 
| T r Tf | 
0 Tf 
0 T 
e f Coas 
a dT, 
Pa a a 


in which Tf and T, respectively are the melting 
point and the boiling point, and Qf and Q, are the 
heat of fusion and the heat of evaporation. 

This “calorimetric entropy” is thus obtained 
entirely without reference to the existence of atoms, 
being based merely on the results of calorimetric 
measurements; the “statistical entropy” on the 
other hand is evaluated by methods entirely in- 
dependent of the de facto existence of the liquid and 
the solid states. It is most satisfying that the two 
ways as a rule lead to the same result, whilst the few 
exceptions that have been found can be satisfactorily 
explained. The nature of these exceptions may be 
twofold. Some only appear to be exceptions, caused 
by the fact that the measurements of the specific 
heat were not extended to a sufficiently low tem- 
perature; other exceptions are caused by the non- 
attainment of equilibrium at decreasing tempera- 
ture. Neither of the two types of exceptions is 
contradictory to Nernst’s theorem, which only 
claims validity for the absolute zero temperature, 
and even then only for systems in a state of internal 
equilibrium. 

These apparent exceptions to the agreement 
between calorimetric and statistical entropy occur 
if the “lowest energy level” of the particles, upon 
further scrutiny, is found to consist of a group of 
energy levels at intervals Ae which are small com- 
pared to kT even at the lowest temperatures of 
measurement °). When this is the case, the particles 


°) The distribution among the available energy levels is 
entirely determined by the ratio 4e/kT, where k is Boltz- 
mann’s constant. 
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are still uniformly distributed over the aforemen- 
tioned group of energy levels, even at this lowest 
measuring temperature. The states corresponding to 
these energy levels will, therefore, not be manifest 
in the specific heat. The gradual emptying of the 
higher levels of the group will only start when the 
temperature reaches a value for which kT is of the 
same order of magnitude as Ae; not before tempe- 
ratures are reached for which kT is appreciably 
smaller than Ae will all particles have settled at 
the lowest level ¢). This regrouping will manifest 
itself by a peak in the specific heat temperature 
curve (see fig. 4). If such a peak has not been 
established because the measurements have not 
been extended to a sufficiently low temperature, 
the value of the calorimetric entropy derived from 
them will be too low. 

The fact that too small a value for the calori- 
metric entropy is sometimes found, may thus be 


———> 
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Fig. 4. The calorimetric entropy can be calculated if the specific 
heat c is known as a function of the temperature T. Extra- 
polation from the lowest attainable temperatures to absolute 
zero is of course necessary, but it must be noted that this in- 
volves the risk of overlooking a peak in the specific heat curve 
situated below the temperature range in which measurements 
can be made. 


due to the extrapolation of the specific heat from 
too high a temperature. The cause may, however, 
also be a different one, namely the non-attainment 
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of equilibrium, mentioned earlier. An example of 
such a “frozen-in” distribution of molecules among 
various energy levels, is solid carbon monoxide 
(CO) at low temperatures. The value found for the 
calorimetric entropy is smaller by an amount 
Rin2 = kln2™ cal/mol. degree than the statistical 
entropy derived from the This 
discrepancy corresponds to a number of micro- 
states m = 2%. This immediately suggests that 
the molecules in the crystal have two possible 


The CO-molecules 


have such a small electric moment and to be so 


CO-spectrum. 


orientations. are assumed to 
nearly symmetrical that the crystal lattice does not 
show a pronounced preference for the one or the 
other orientation, CO or OC. As a consequence of 
this, the two opposed directions of orientation would 
remain irregularly distributed among the positions 
of the lattice down to the lowest measurable tem- 
perature. It is highly improbable that in solid CO 
the rotational shift through 180° required to produce 
a state of equilibrium, is at all possible. In other 
words, it is not to be expected that an extension 
of the measurements to lower temperatures will 
eliminate the discrepancy. If this assumption is 
true, then the discrepancy between the statistical 
and the calorimetric entropy can only mean that 
the energy difference between the two CO-positions 
at the freezing point is still too small with respect 
to kT to determine a given orientation. Other 
examples of systems possessing a zero-point entropy 
due to the fact that the internal equilibrium is not 
attained at low temperatures, can be found among 
the many disordered solid solutions of metals. 
Further examples are the glass-like substances, 
which may be considered as supercooled liquids. 

Nernst’s theorem cannot be derived from the two 
main laws and is therefore often referred to as the 
“third law of thermodynamics”’. 


In the three subsequent articles we shall demon- 
strate with the aid of examples that the concept 
of entropy plays an important part in widely 
divergent fields of science and technology. 
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2122: W. J. Oosterkamp: Die Dosierung weicher 
Roéntgenstrahlung, insbesondere bei Kon- 
takttherapie (Strahlentherapie 91, 591-494). 
(Dosimetry of soft X-rays, with particular 
reference to contact therapy; in German.) 


A description is given of ionization chambers for 
the measurement of the heterogeneous, extreme 
soft radiation emitted by X-ray tubes with a 
beryllium or mica-beryllium window. Attenuation 
curves in aluminium and depth dose curves in a 
water phantom for 10, 15, 20, 30 and 50 kV, measur- 
ed on a new constant-potential contact therapy 
apparatus are given. 


2123: J. Fransen and W. J. Oosterkamp: A univer- 
sal X-ray dosemeter (Trans. Instr. Meas. 


Conf. Stockholm 1952, p. 93-94). 


Brief description of ionization chambers and 
a dynamic electrometer for measuring dose rate 
and integrated dose for a wide range of radiation 
qualities and intensities. 


2124: W. J. H. Beekman: An X-ray spectrometer 
for the 200 kV region using a scintillation 
counter (Trans. Instr. Meas. Conf. Stockholm 
1952, pp. 84-87). 


An X-ray spectrometer using a scintillation coun- 
ter is described, constructed for the purpose of 
estimating the peak voltage of X-ray generators in 
those cases where conventional methods fail. The 
principle is that of measuring the shortest wave- 
length of the X-rays generated and determining the 
peak voltage by means of the Duane-Hunt relation. 
This instrument has been used in the case of an 
unorthodox form of X-ray generator, consisting of 
a grid-controlled X-ray tube, the anode of which is 
connected to a D.C. source via a high inductance 
coil. By applying negative pulses to the grid, the 
stray capacitance of the tube and coil can be alter- 
nately charged by the current through the coil and 
discharged through the tube. 


2125: H. G. van Bueren: The formation of lattice 


effects during slip (Acta Metallurgica 1, 
464-465, 1953). 


Tentative explanation of the formation of ele- 


mentary structure (slip lines with a length of the 
order of 10-* cm and 10-50 inter-atomic distances 
apart), as found by Wilsdorp and others in plastic- 
ally deformed aluminium. The explanation is based 
on the effects of the formation of vacancies and 
interstitials during plastic flow. 


2126: A. van Weel: Susceptance valves and re- 
actance valves as phase modulators ) J. Brit. 


Inst. Radio Engrs. 13, 315-320, 1953). 


Triode valves may be used in three different ways 
to give variable-impedance circuits. The most used 
form, usually known as a “‘reactance-valve circuit” 
behave much more as a variable “susceptance- 
valve circuit’’. Of the other two circuits, one is also 
a “susceptance-valve circuit”, while only the third 
is a “reactance-valve circuit” proper. All three kinds 
can be used successfully in phase modulator stages, 
with the feature that, for introducing phase varia- 
tions of up to 45 degrees, only one valve is necessary. 
Moreover, this may be realized with mutual-con- 
ductance variations of not more than 0.5 mA/V, 
from which follows both a high sensitivity and a 
good linearity. 


2127: H. C. Hamaker: Beispiele zur Anwendung 
statistischer Untersuchungsmethoden in der 
Industrie (Mitt. Math. Statist. 5, 211-229, 
1953). 


The application of “variance analysis” to indus- 
trial problems is explained with the aid of a suitable 
example, viz. the measuring of the thickness of the 
oxide coating deposited on nickel bars by electro- 
phoresis. The results of the analysis are presented 
in a simple manner which can be understood by 
persons not specially trained in statistics. The same 
method is then applied to some other examples, 
viz. the measuring of the heat of combustion of 9 
different coal samples by 9 different laboratories, 
the measuring of the diameters of 6 different bicycle 
bearing-balls with 7 different micrometers, and 
smelling-tests for the selection of an odour-judging 
panel in the perfume industry. The article also 
deals in some detail with the concept of interaction — 
and how its existence can be established by statistical 
analysis. 
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2128: H. P. J. Win: Ferromagnetic domain walls 
in Ferroxdure (Physica 19, 555-564, 1953). 


In the preparation of BaO.6Fe,0, (Ferroxdure) 
it is possible to distinguish between the contrib- 
utions to the initial permeability of Bloch-wall dis- 
placements and of Weiss-domain rotations. From 
measurements of these contributions as functions of 
the frequency, there is evidence of a resonance 
effect of the Bloch-walls at about 300 Mc/s, and the 
contribution of the rotations remains independent 
of the frequency to above 3000 Me/s. The possibility 
of Bloch-wall resonance has several times been pro- 
posed in the literature. The resonance frequency 
to be expected from theoretical considerations 
agrees well with the observed results. 


2129: W. Hoogenstraaten: The chemistry of traps 
in zine sulphide phosphors (J.Electrochem. 
Soc. 100, 356-365, 1953). 


Trap characteristics of zinc sulfide phosphors are 
studied as a function of chemical composition. The 
simplest phosphor systems are found to have simple, 
single-peaked glow curves. They contain only activa- 
tors and coactivators in pure sulfide base materials. 
Coactivators are defined as impurities necessary to 
stabilize the activators in the zinc sulfide lattice. 
They are found to exert a major influence upon 
trap characteristics. The trap depths are found to be 
0.37 electron volt for Cl, Br’, and Al’*, 0.51 eV, 
for Sc®+, 0.62 eV for Ga®*, and 0.74 eV for In** as 
coactivators in ZnS-Cu. Additional glow peaks and 
traps are produced by oxygen and by the killers 
cobalt and nickel. The formation of mixed crystals 
with cadmium sulfide or zinc selenide generally 
results in a shift of the glow curves toward lower 
temperatures. 


2130: K. ter Haar and J. Bazen: The titration of 
“Complexone ITI’’ with thorium nitrate at 
pH = 2.8 —4.3 (Anal. chim. Acta 9, 235- 
240, 1953). 


The reaction between thorium and “Complexone 
III” (disodium salt of ethylenediaminetetra-acetic 
acid) at pH = 2.8 —4.3 has been developed to a 
quantitative method. As indicator alizarin-S is used. 
In the first place the reaction is suitable to back- 
titrate an excess of “Complexone III” in the pH 
range mentioned and it is the basis for an Al, Ni and 
Bi determination still to be published; moreover, it 
probably presents the possibility of a simple 
determination of thorium. 

9131: A. J. W. M. van Overbeek and F. H. Stieltjes: 
Bandwidth limitation of junction transistors 


(Proc. Inst. Radio Engrs. 40, 1424, 1952). 
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Proceeding from results obtained by Steele, a 
fundamental limiting value to the Q-factor for 
wide-band amplification is derived for a junction 
transistor. The output capacitance is neglected in 
this analysis. 


2132: J. Feddema and W. J. Oosterkamp: Volume 
doses in diagnostic radiology (from: Modern 
trends in diagnostic radiology, 2nd _ series, 
edited by J. M. M. McLaren, Butterworth, 
London, p. 35-42, 1953). 


The importance of dose measurement in diagnos- 
tic radiology is pointed out. Methods are described 
for arriving at the volume dose. A table is included 
of data on the average volume doses relating to a 
number of different diagnostic conditions. A survey 
is given of the number of exposures to which patients 
have been subjected during the course of their life. 
Case histories show no sign of radiation damage to 
the patients. 


2133: J. L. Meijering: On a statement by C. S. 
Smith concerning an upper limit to the shar- 


ing of corners in aggregates (Acta Metall. 1, 
607, 1953). 


Contrary to the proposition put forward by C. S. 
Smith, it is asserted that the number of corners in a 
crystal aggregate can be greater than 6 times the 
number of crystals, even if all the crystals are 
convex polyhedra with flat boundaries. 


2134: H. G. van Bueren: Relation between plastic 
strain and increase of electrical resistivity of 


metals (Acta Metall. 1, 607-609, 1953). 


The increase of electrical resistivity of metals due 
to plastic strain at low temperatures is attributed 
to the formation of vacancies, interstitial atoms and 
dislocations. On the basis of the considerations 
treated in Abstract No. 2125, it is demonstrated 
that the influence of dislocations gives rise to an 
increase proportional to ¢/* (¢ = elongation) whilst 
vacancies and interstitial atoms cause an increase 
proportional to e/?, Manintveld’s experiments in- 
dicate a 3/,-power relationship, which shows that 
dislocations have little influence, a conclusion which 
appears also theoretically justified. This helps to 
explain the influence of annealing on the resistivity. 


2135: W. Hoogenstraaten and H. A. Klasens: Some 
properties of zinc sulfide activated with 
copper and cobalt (J. Electrochem. Soc. 
100, 366-375, 1953). 

Some properties of ZnS-Cu-Co phosphors under 

3650 A excitation are described, viz., the thermal 

glow, decay and build-up of fluorescence, tempera- 
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ture dependence, and light sum. Most of the ex- 
perimental results can be explained by a model in 
which cobalt levels act both as electron traps with 
a trap depth of 0.5 electron volt, and as acceptors 
for holes, ejected thermally from copper centers 
with an activation energy of 1.1 eV. The possibility 
of excitation by 3650 A radiation of electrons from 
traps to the conduction band is introduced to 
explain the observed intensity dependence on the 


light sum. 


2136: J. D. Fast: Erzeugung von reinem und 
absichtlich verunreinigtem Eisen und Unter- 
suchungen an diesen Metallen (Stahl und 


Eisen 73, 1484-1496, 1953). 


To investigate the causes of various phenomena 
occurring in steels, a high-vacuum 300 ke/s induc- 
tion furnace was developed which is suitable for 
melting very pure iron in quantities up to 2 kg. 
Some general directions regarding the melting- 
procedure and the choice of crucible material are 
given. (See also Philips tech. Rev. 15, 114-121, 
1953/1954). Starting with iron in its purest form, 
investigations were carried out into the individual 
and collective influence of carbon (up to 0.04%), 
oxygen (up to 0.03%), nitrogen (up to 0.02%) and 
manganese (up to 0.50%), on (a) quench ageing, 
(b) strain ageing, (c) blue-brittleness, (d) grain- 
boundary brittleness. Regarded from an atomic 
viewpoint, a common cause is found for a number 
of phenomena that seem at first sight to be hardly, 
if at all, interrelated. These are, the greater solubili- 
ty of carbon and nitrogen in y-iron, compared to 
that in a-iron; the greater solubility of nitrogen 
in both phases compared with that of carbon; the 
presence of the dissolved carbon and nitrogen atoms 
in the octahedral interstices of both phases; the 
Snoek-damping; the formation of martensite; the 
occurrence of an upper and a lower yield point in 
the stress-strain curve of mild steel; the strain age- 
ing; the fact that carbon and nitrogen are less 
soluble in silicon iron than in pure iron; and the 
preference of the dissolved carbon and nitrogen 
atoms for the grain boundaries of iron. 


2137: J. I. de Jong and J. de Jonge: The chemical 
composition of some condensates of urea and 
formaldehyde (Rec. Trav. chim. Pays-Bas 
72, 1027-1036, 1953). 


Some condensates of urea and formaldehyde were 
prepared from solutions of pH 2-7, at temperat- 
ures of 20-76° C. These products have been ana- 


lysed with respect to their content of methylene 
groups, methylol groups and urea groups. The 
average molecular weights could be estimated. The 
analytical data are in harmony with the occurrence 
of methylene bridges between the urea fragments. 
The condensates will be formed by a stepwise con- 
densation reaction. “Methylene urea” may be a 
mixture of condensates with an average molecular 


weight of 300 — 500. 


2138: J. S.C. Wessels and E. Havinga: Studies on 
the Hill reaction, II (Rec. Trav. chim. 
Pays-Bas 72, 1076-1082. 1953). 


The influence of the presence of oxygen on the 
Hill reaction has been investigated by redox 
potential measurements. A very simple reaction 
scheme, implying primary formation of a specific 
reductant reacting subsequently with the oxidant 
added, seems to fit the kinetic and other data of the 
reaction. Some of the results of investigations on the 
influence of inhibitors and biochemically important 
substances are reported and discussed; possible 
causes for the discrepancies in the literature con- 
cerned with the action of inhibitors are indicated. 


2139: K. F. Niessen: Ratio of exchange integrals 
in connection with angles between partial 
magnetizations in ferrimagnetic spinels 


(Physica 19, 1035-1045, 1953) 


Allowing the spin direction of magnetic ions in one 
sublattice of (octohedral) B-sites to differ from that 


in the other sublattice of B-sites (as assumed by 


Yafet and Kittel for a spinel with only one kind of 
magnetic ions) a mixed crystal spinel containing 
two kinds of magnetic ions is considered, taking into 
account the different physical nature of the ions. 
Here a situation may be realized where the partial 
magnetizations are neither parallel nor antiparallel 
but where in one sublattice (say B,;) two special 
spin directions occur for the two kinds of magnetic 
ions and in the other (B,;) another couple of spin 
directions lying with the former set symmetrical 
with respect to the single spin direction of ions on 
the (tetrahedral) A-sites. The A-A interaction is 
neglected and consequently a subdivision of the 
A-lattice is not taken into account. Compositions 
of the mixed crystal are possible where such a non- 


rectilinear case is just possible, i.e. where the mutual 


deviations of the spin directions on the B-sites are 
very small, their angles with the spin directions on 
A-sites being nearly z. From three such compositions 
the ratios of exchange integrals can be determined. 
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